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MAGELLANIC CLOUDS. XI. SURVEY OF THE NOVAE 
By Karu G. Henize, Dorrit HOoFFLEIT, AND VIRGINIA McKisBEN NAIL 
OBSERVATORY OF THE UNIVERSITY OF MICHIGAN AND HARVARD COLLEGE OBSERVATORY 


Communicated by Harlow Shapley, March 25, 1954 


The New Novae.—The recent discovery of four additional novae in the Magellanic 
Clouds (N Doradus 1948, N Mensae 1951, N Tucanae 1951, and N Tucanae 1952) 
brings to nine the number observed in these systems. Five have occurred in the 
Large Cloud and four in the Small. Of the four new novae, two, N Mensae 1951 
and N Tucanae 1951,' were discovered on Ha objective-prism spectrograms taken 
with the Mount Wilson 10-inch camera, while it was temporarily located at the 
Lamont-Hussey Observatory of the University of Michigan. N Doradus 1948 
and N Tucanae 1952? were discovered on Harvard plates: N Doradus 1948 ap- 
peared during the course of a program for measuring variable stars, and N Tucanae 
1952 was detected on a blue-sensitive objective-prism plate taken with the ADH 
telescope. 

N Tucanae 1952 is discussed by Henry J. Smith in the following paper in this 
series. Data on the light-curves of the other three new novae (Table 1) were ob- 
tained from Harvard plates by Mrs. Nail. The magnitudes of N Tucanae 1951 
in the Small Cloud are based on an unpublished photoelectric sequence of Ivan King, 
while those of N Doradus 1948 and N Mensae 1951 in the Large Cloud depend 
on a photoelectric sequence by Uco van Wijk* supplemented by Harvard photo- 
graphic sequences. 

An additional possible nova in the Magellanic Clouds, N Hydri 1935,' is located 
only 1 minute of are from the center of the spiral galaxy NGC 1511; it may be a 
supernova in that galaxy, or it may be a member of the Large Cloud and hence an 
ordinary nova. It is situated within the boundaries of the Cloud as indicated by 
the radio observations of Kerr and Hindman.' 

The Light-Curves.—Light-curves of the nine Magellanic Cloud novae and N 
Hydri 1935 are plotted in Figure 1. In spite of their faint apparent magnitudes, the 
hovae reveal a wide variety of types. All fit reasonably well into the patterns fol- 
lowed by galactic novae. Possible exceptions are N Tucanae 1927 and N Doradus 
1948. At first glance the light-curve of N Doradus 1926 also appears unusual, but 
this fragment corresponds well with the flat, prolonged maxima of T Aurigae 1891 
and DQ Herculis 1934.6 Accepting the similarity, we may infer that N Doradus 
1926 reached a maximum magnitude of about 12.0 in mid-August of 1926 (about 
JD 2424750). 
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* Numbers in parentheses indicate the number of observations included in the mean value given. 
+ Red magnitude. 
t Red magnitude estimated from the continuous spectrum of an Ha spectrogram. 


The light-curves of N Tucanae 1927 and N Doradus 1948 are more difficult to ex- 
plain. If we reconstruct the curve of N Doradus 1948 by inferring that a maxi- 
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mum magnitude of about 13.0 occurred near JD 2432935, we find that subsequent to 
the first observation both it and N Tucanae 1927 rose slowly to maximum through 
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a range of more than 3.5 magnitudes in an interval of 40-60 days. 
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As no galactic 


novae (excepting, perhaps, RT Serpentis type stars’) have shown as slow a final 
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Fig. 1.—Light-curves of novae in the Magellanic Clouds. Open circles indicate red magnitudes; 


inverted carets, “fainter than”; crosses indicate for N Tucanae 1951 magnitudes based on Ha 
objective prism plates. 


rise tO maximum, we are tempted to class N Tucanae 1927 and N Doradus 1948 as 
possible objects of the Z Andromedae type, although no recurrences of maxima 
have been observed. 
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The light-curves in Figure 1 may be classified according to rate of decline, as one 
very fast, five fast, and three slow. A comparison with galactic novae shows that 
five of the nine Magellanic Cloud novae have rates of decline within a range which 
contains only one-sixth of the Milky Way novae.* The agreement of the distribu- 
tion of rates of decline of novae in Messier 31 with that for the Magellanic Clouds 
would indicate that the data for the Milky Way novae are distorted by selection 
effects. 

The very rapid decline of N Mensae 1951 places it among the fastest novae known, 
Its steady decline through 6 magnitudes in 30 days is exceeded only by T Coronae 
Borealis 1866 and 1946 and N Puppis 1942. 

The Absolute Magnitudes.—The observed apparent magnitudes at maximum are 
given in the fifth column of Table 2. For five of the novae the light-curves 
indicate that the true maximum was somewhat brighter. 
tive upward revisions have been made, and the resulting probable magnitudes at 
The seventh column gives the corre- 


In these cases conserva- 
maximum are recorded in the sixth column. 
sponding absolute magnitudes based on the revised distance modulus of 19.0.* 


TABLE 2 


NOVAE IN THE MAGELLANIC CLOUDS 


Dis- 
TANCE 
FROM 
—1900 -—m (Max)- CorRE 
Nova REFERENCE R.A. Dee. Obs. Prob. M Type . 
N Tucanae 1897 HB 920 0" 56™4 —70° 47’ 11.4 ~11.0 —8.0 Fast 1.8 
N Tucanae 1927 HB 898 0 30.1 —73 49 11.4 ~11.4 —7.6 Slow 0.7 
N Tucanae 1951 HAC 1143 0 31.3 —73 31 11.8: 1.6 —7.5 Fast 0.7 
N Tucanae 1952 0 44.9 —74 038 11.0 11.0 —8.0 Fast 0 
Dis- 
TANCE 
FROM 
1900 m (Max.) Bar 
Nova REFERENCE R.A. Dee. Obs. Prob. M Type ? 
N Doradus 1926 HB 847 5* 14"9 —66° 55’ 12.4 ~12.0? -—7.0 Slow 1.8 
N Doradus 1936 HB 912 5 07.4 —66 47 10.8 ~10.5 —8.5 Fast 1.8 
N Doradus 1937 HB 915 5 57.7 —68 55 10.65 10.65 —8.4 Fast 1.9 
N Doradus 1948 5 39.4 —70 24 13.3 ~13.0? -—6.0 Slow 0 
N Mensae 1951 Br 1827 —70 05 11.95 11.95 —7.0 Very 


fast 0.1 


The mean apparent magnitude of probable maximum for the nine novae is 11.44 
(with a dispersion of 0.8). This corresponds to an absolute magnitude of —7.6, 
in good agreement with Hubble’s" value of —7.5 (revised in accordance with the 
recent revision in the distance modulus) for the novae in Messier 31 and with 
the value of —7.6 for those Milky Way novae with visible expanding envelopes." 

The absolute magnitudes in Table 2 indicate that the fast novae average about a 
magnitude brighter than the slow, in fair agreement with the results for Messier 31. 
The very fast nova, N Mensae 1951, is somewhat peculiar in that its absolute 
magnitude is at least a magnitude fainter than the mean of the fast novae. 


The Spectra.—Spectrographic observations are available for N Mensae 1991, 
s 


N Tucanae 1951, and N Tucanae 1952. Of these, only the observations of N 
Tucanae 1951 are sufficient in number and distribution to show the development 
of the spectrum. The only spectrogram available for N Mensae 1951 is an Ha 
objective-prism plate taken on January 5, 1951, which shows a strong continuum 


An ADH 


with moderately strong Ha emission that is not appreciably widened. 
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objective-prism spectrum of N Tucanae 1952 taken two days after maximum is de- 
scribed by Smith? as resembling the premaximum spectrum of DQ Herculis 1934. 
It shows strong, wide hydrogen emission with absorption to.the violet, and the 
presence of other lines is suspected. 

The observations of N Tucanae 1951 include two Ha objective-prism spectro- 
grams by Henize, a slit-spectrogram taken by Thackeray’? with the Radcliffe 74- 
inch reflector, and six objective-prism spectrograms taken with the ADH Baker- 
Schmidt telescope. The ADH spectra were measured and reduced by Miss Hoff- 
leit. ‘The spectrograms in the region of Ha (AA 6200-6650), taken on August 2 and 
4, 1951, show only Ha emission on a continuous spectrum. On August 2 the line 
was weak and narrow, suggesting a premaximum stage, while on August 4 it was 
considerably stronger and broader. Its total width of 36 A on August 4 indicates 
an expansion velocity of about 800 km/sec. 

A slit-spectrogram with a dispersion of 50 A/mm was obtained for this nova by 
Thackeray on August 21. In addition to broad emission bands at H8, Hy, and 
Hé, a very broad band centered on 4670 A was present. Thackeray interprets 
this band as a blend of He 11 4686 and C 11 4650, but in this stage, at only 25 
below maximum, it seems to us more probable that it is the Orion emission of O 11. 
Thackeray’s data are included in Table 3. 

The details of the ADH spectra (dispersion about 200 A/mm) of N Tucanae 
1951 are tabulated in Table 3, in which the lines visible on each date are indicated 
by the measured wave lengths. In all cases the spectrum of the nova was faint 
and very difficult to measure, and errors of +20 A are possible. Lines for which no 
measures were made are indicated by the element responsible rather than by the 
wave length. Eye estimates of relative intensities made by Miss Hoffleit on a scale 
ranging from 0 to 10 are given in parentheses. Line identifications are listed in the 
first column. The next to last column gives the total widths of the lines as measured 
by Thackeray, and the last column, the same quantity as measured on ADH 695. 

On the whole, the development of the spectrum of N Tucanae 1951 fits the 
pattern for galactic novae.'® On August 21 and 23, at about 2"5 below maxi- 
mum, the nova appears to have been in an early Orion stage.'! From September 
24 to October 5 it was 3"5-4"0 below maximum and had entered the 4640 
stage. The intensity of Hy on October 4, together with its shift redward, which is 
probably real, indicated that it may be blended with [O m1] 4363. Its unusual 
strength on August 24, however, can hardly be attributed to this cause and must 
remain unexplained. 

Rate of Occurrence.—Since 1926, Magellanic Cloud novae have been discovered 
at an average rate of about one every six years. Their true frequency may be esti- 
mated from the data of several systematic surveys conducted at Harvard and at 
Michigan. 


Miss Dowse,!* using the positive-on-negative technique, searched plates on the 
Large Cloud for the interval 1905-1938 to a limiting search magnitude of 12.5. 
Assuming that the average fast nova in the Magellanic Clouds would remain above 
this limit for about ten days, we note that her search of 90 plates effectively covered 
a period of about two and a half years. One fast nova was discovered. Slow novae 
with absolute magnitudes fainter than —6.0 would probably not have been detectea 
in her survey. 
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A second search, supervised by Shapley and Mrs. Nail, covered the period from 
1937 through 1948 and was complete to about 135 Approximately ten plates 
a vear for the Large Cloud and three for the Small were examined. Although the 
material for the Large Cloud was probably sufficient to detect novae of all types 
during the observing season, none was discovered. Allowance for the intervals be- 
tween observing seasons, indicates a possible average occurrence of not more than 
one nova every two and a half years in the Large Cloud during the 11-year period 
under consideration. 

The third and most thorough search was conducted by Mrs. Nail in the outer 
part of the Large Cloud. This survey covered the period from 1937 to 1951, with 
an average of thirty plates a year. The plates were of uniform quality and reached 
a limiting magnitude of at least 16.3. It is unlikely that any nova would have es- 
caped detection in this survey, but none was found. 

Finally, a search has been carried out with the Ha objective-prism plates taken 
at the Lamont-Hussey Observatory during the 2-year interval 1949-1951. Five 
plates in each Cloud were searched to a limiting magnitude of 13.5. For fast 
novae this gives an effective search period of approximately 100 days in each Cloud. 
One fast nova was discovered in each, indicating a rate of about three novae per year 
per Cloud. This appears to disagree considerably with the Harvard results and 
confirms the general impression that novae are more readily detected on objective- 
prism plates than on direct photographs. In view of the statistical uncertainty in 
dealing with small numbers of plates and objects in the Lamont-Hussey data, 
however, the apparent discrepancy may be purely accidental. 

Data from systematic surveys thus indicate that the rate of occurrence of novae 
in the Magellanic Clouds probably does not exceed one nova every two years in each 
of the Clouds. This is to be compared with a rate of at least thirty a year in the 
Milky Way and in Messier 31.'° The difference might be attributed to the lesser 
masses of the Magellanic Clouds, their combined mass, based on their luminosities, 
being only one-twentieth that of Messier 31.'7 However, the assumption that the 
frequency of the novae depends entirely on the mass of the system is hardly borne 
out by the Clouds themselves: the mass of the Small Cloud is only about a fourth 
that of the Large,'* yet the observed frequency of the novae is about the same. 

Relation to Structural Features. —The location of each of the nine Magellanic novae 
relative to the core of the Small Cloud and the bar (or axis) of the Large is indicated 
in the last column of Table 2. This shows that two-thirds of the Magellanic Cloud 
novae lie well outside the dense regions of these galaxies. The apparent distribu- 
tion is probably real; for it does not seem likely that a nova as bright as 139 
could have been overlooked even against the dense background. 

None of the Magellanic Cloud novae is found near known gaseous nebulae or 
clusters of blue supergiant stars, in agreement with current opinion that novae are 
not related to the O-associations of Population I. 

If we assume that novae belong predominantly to Population II, their distribu- 
tion in the Magellanic Clouds seems to conflict with Baade’s suggestion” that the 
population of the Large Cloud is predominantly Type I; but such a population char- 
acteristic may account for the relatively low frequency of novae in the Large Cloud. 
Evidently the nova phenomenon is not confined solely to Population IT. 
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We wish to acknowledge our indebtedness to Dr. Dean B. McLaughlin for fre- 
quent discussions and suggestions concerning the spectra and light-curves of these 
novae, and to Dr. Harlow Shapley and Dr. Freeman D. Miller for their guidance 
and advice. The observations with the Mount Wilson 10-inch camera, while it 
was in operation at the Lamont-Hussey Observatory, were made possible by a grant 
from the Horace H. Rackham School of Graduate Studies of the University of 
Michigan. 
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MAGELLANIC CLOUDS. XII. OBSERVATIONS OF A NOVA IN THE 
SMALL CLOUD 


By Henry J. SMItH 
BOYDEN STATION, HARVARD COLLEGE OBSERVATORY 


Communicated by Harlow Shapley, March 25, 1954 


A blue spectrum plate taken with the ADH telescope on December 21-22, 1952, 
shows in the position 0" 46” 51°, —73° 47'1 (1950), a spectrum typical of a nova. 
The magnitude of the star has been measured on all plates available at the Boyden 
Station (Table 1). The light-curve (Fig. 1 of the preceding paper) indicates that 
the star Nova Tucanae 1952 reached maximum on December 19-20, 1952. It 
was well observed on the five nights centered on the maximum, but thereafter the 
observations are incomplete because of continuous cloudy weather. _ A single red- 
sensitive plate (103a-E with filter) made with the 3-inch AX camera on January 
2-3 shows that the nova had dropped to fainter than 128 mag. A long-exposure 
ADH plate reaching fainter than 185 mag., taken on October 7-8, 1953, does not 
show at the position of the nova any star conspicuously brighter than on the pre- 
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discovery plate of November 17-18, 1952. These plates show four stars any one 
of which could conceivably be identified with the nova; more positive identification 
is not possible because of the extreme crowding of stars. The magnitudes of the 
four stars range from 15.7 to 17.2 

On the night of maximum a series of fourteen 2-minute exposures taken with the 
8-inch Bache and two 15-minute exposures taken with the 10-inch Metcalf telescope, 
covering an interval of about 4 hours, suggests that the nova may have been fluctu- 
ating rapidly by about half a magnitude. 

This is the fourth nova discovered in the Small Magellanic Cloud. Its magni- 
tude at maximum, 11.0, is in accord with the maxima of the other three. Since 
the mean amplitude of novae is about 10%, it is likely that the nova does not 
appear on the ADH plates made in November, 1952, and October, 1953, but that 
it faded at least 75 in 9 months, as fast novae characteristically do. 

TABLE 1 


PHOTOMETRIC MEASURES OF Nova TUCANAE 1952 


JD 
Plate No. Date 2434360 + mpy mopr 

MF 40420 1952 Dec. 17 +. 3019 {14.7 
MF 40425 18 5.2706 13.3 
MF 404382 5.3288 13.5 
B 76511 Dec. 19 6.2632 11.0 

B 76512 6.2750 11.4 

MF 40435 6.2839 11.3 

B 76513 6. 2867 11.4 

B 76514 6.2985 11.5 

B 76515 6.3103 11.0 

B 76516 6.3221 11.0 

MF 40438 6.3310 11.5 

B 76517 6.3338 11.4 

B 76518 6.3456 11.0 

B 76519 6.3574 11.2 

B 76520 6.3692 11.2 

B 76521 6.3809 11.2 

B 76522 6.3927 11.3 

B 76523 6.4045 11.3 

B 76524 6.4163 11.2— 

AX 4782 20 7.3044 12.0 
MF 40441 21 8.2776 12.0 
MF 40452 8.4148 12.0 
AX 4787 1953 Jan. 2 20.3216 {12.8 


The quality of the spectrum on the discovery plate, ADH 1581, dispersion about 
200 A/mm at Hy, is not the best, and interpretation is made difficult by the diffuse 
character of the spectral features. In general, the spectrum appears to resemble 
that of Nova DQ Herculis on December 13, 1934, as reproduced in Stratton’s 
Atlas. The Balmer lines H@ through H8 are broad and diffuse, with intense, 
broad emissions on their red edges. The measured widths of the H@ and Hé emis- 
sion lines are 27 A and 26 A respectively. The separation between the emission 
and absorption components of H8 is approximately 20 A. In addition to the 
Balmer lines, several weak emissions may be present, particularly He 1 4027 and 
4471, Mg 4481, and He u 4686 or C 1 4650. McLaughlin remarks that the 
premaximum emission spectrum of DQ Herculis is unique among novae. Although 
the spectrum discussed here was made two days after maximum, the similarity to 
the spectrum of Nova Herculis is noticeable. One might suggest that this new 
hova is a second example of a premaximum emission spectrum, which has persisted 
somewhat longer than in the case of DQ Herculis. 
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MECHANISM OF ACQUIRED IMMUNITY TO A PLANT RUST bee! 

By C. E. Yarwoop mma 

cont 

DEPARTMENT OF PLANT PATHOLOGY, UNIVERSITY OF CALIFORNIA, BERKELEY but 
Communicated by J. G. Horsfall, March 26, 1954 13 p 

Acquired immunity to disease is common in animals but rare in plants. This cent 
paper reports the discovery of acquired immunity to three rust diseases and a gas | 
study of the mechanism. These cases are believed to be the first examples of ac- TI 
quired immunity in rusts, the first in which a gaseous metabolite of the pathogen gaset 
is responsible for immunization, and the first in which immunization is restricted durit 


to the germination and penetration phases of the infection. 

The idea and initial methods of this study were suggested by the hypothesis that 
the common localization of infections on leaves might be due to some self-limiting 
mechanism in the infected tissue. Preliminary trials with tobacco mosaic virus on 
bean had supported this hypothesis. ! é, 

Results—Most studies were with bean rust (uredinial stage of Uromyces phaseoli 
on Phaseolus vulgaris) in the greenhouse. Acquired immunity was first demon- 
strated by attempting to inoculate an entire leaf that bore a band of already infected 
tissue. The tissue adjacent to the old infection did not become diseased. This 
showed that somehow the healthy tissue had been immunized by the diseased tissue 
nearby (Fig. 1). 

The zone of inhibition was wider distally than proximally from the infected area, 
and its width varied directly with the age of the first infection. The average dis- 
tances in millimeters for total and partial inhibition in one test were 0 and 0 when 
the second inoculation followed the first by 2 days, 1 and 10 at 5 days, 2 and 17 at 
7 days, 5 and 32 at 8 days, and 7 and 24 at 9 days. 

This phenomenon could possibly have been due to a substance synthesized by 
the diseased host and/or the fungus, or it could have been due to the removal from 
the tissue of some substance necessary for susceptibility. Furthermore, the immu- 
nity could have been due to reduced germination of the infecting spores, to reduced 





penetration of the host, or to reduced invasiveness after infection was established. Bssag 
The Host Effect—The host seemed to play little part in the matter, in sharp suspen 
distinction to the phenomenon in animals. Spores added to a water suspension of King 
macerated noninfected tissue taken from adjacent to infected tissue germinated , an 
slightly better than spores added to a suspension of tissue taken distant from the neh 
infection, contrary to what was expected. Vietor 
The Fungus Effect—When rust spores were heavily seeded on agar or when seeded 
plates were closed, the resulting germination was less than when plates were lightly leat o 
seeded or when the plates were open. In one representative test at 21° C., spores an att 
seeded at 1,100 spores/cm gave 77 per cent germination in 4 hours in open plates water 
and 70 per cent germination when the plates were closed. Spores seeded at 19,000 attack 
spores/cm? gave 40 per cent germination in open dishes and 16 per cent in closed balsa 
dishes. This could indicate that the rust spores themselves liberated a gaseous sub- Oppos 
stance which was toxic to other spores and which could explain the acquired im- night 
munity effect. sandy 
The Host-Fungus Effect-—A\though the presence of an inhibitory substance has I+ ho 
been demonstrated in the fungus, but not in the host, the host-fungus complex has plant: 
374 
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been the most convenient source of the substance responsible for the type of im- 
munity described here. When rusted bean leaves were inclosed in Petri dishes 
containing spores seeded on plain agar, germination of the spores was inhibited, 
but no such inhibition resulted from healthy leaves. In one representative test, 
13 per cent of the spores germinated when inclosed with rusted leaves, but 73 per 
cent germinated when inclosed with healthy leaves. This indicated that a toxic 





7 gas was liberated by the rust-infected tissue. 

re The most convenient method of demonstrating the acquired immunity and its 

on gaseous nature was by holding a rusted leaf piece close to an inoculated leaf piece 

od during the first few hours after inoculation. In this type of trial a detached rusted 
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d. Fig. 1.—Acquired immunity to rust infe@tion in Pinto bean. The two leaves are opposite pri- 
mary leaves of the same plant. The left leaf was inoculated November 30, 1953, by streaking a 

up suspension of spores at right angles to the midrib. This shows as a wide band of large sporu- 

of lating pustules. The right leaf was similarly inoculated November 30 by a streak of spores 
along the right of the midrib. On December 7 the leaves were heavily reinoculated by spraying 

ved 4 spore suspension over the entire lower leaf surfaces. The December 7 inoculation has mostly 

he failed close to the November 30 infection, but the pustule size of the December 7 inoculation has 

; not been affected by proximity to the November 30 infection. Photographed on December 15 by 

Victor Doran. 

led 

tly leat or leaf piece was placed with its iower dorsal surface against the lower surface of 

res anattached primary bean leaf which had just been inoculated by spraying with a 

tes water suspension of uredospores. A piece of balsa wood was placed above the upper 

00 attached leaf and another piece below the lower detached leaf, and the pieces of 

sed balsa were clipped together. A detached healthy leaf was similarly attached to the 

ab- opposite freshly inoculated attached leaf, and the entire plant was incubated over- 

m- hight in a moist chamber. The pieces of balsa thus formed the outer layers of a 
sandwich containing the test source of vapor close to the inoculated leaf. After 

has \4 hours the balsa pieces and detached leaves were removed, and the inoculated 

has plants were returned to the greenhouse bench. The resulting infection was always 
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less when a rusted leaf was attached than when a healthy leaf was used as the 
source of the test vapor. When leaves with rust infection of different ages (days 
from rust inoculation to use) were used as a source of vapor in such trials, the number 
of rust pustules on the test leaves, as a percentage of the number on the opposite 
control leaves, was 1.7 for 10-day rust, 1.2 for 7-day rust, 18 for 5-day rust, and 55 
for 4-day rust, in one representative trial. The zone of rust inhibition in such trials 
corresponded closely in size and shape to the piece of rusted tissue used as a source 
of vapor. 

Trials with snapdragon rust (uredinial stage of Puccinia antirrhini on Antirrhinum 
majus), as above, showed that rusted snapdragon leaves inhibited infection of 
both bean and snapdragon rust, while healthy snapdragon leaves did not. Also, 
rusted bean leaves inhibited infection of snapdragon rust and broad bean rust 
(Uromyces fabae on Vicia faba). This indicated that the gaseous substance, while 
not necessarily the same for the three rusts, is certainly not specific in its toxicity 
to the rust by which it is produced. 

In preliminary trials, rusted bean leaves did not inhibit infection with bean an- 
thracnose, bean powdery mildew, tobacco mosaic virus, or tobacco necrosis virus. 
This might suggest that the gas concerned is toxic only to rusts. 

Time of Action.—The few rust lesions that did form close to the old infections 
by the first method of studying immunization (Fig. 1) were approximately as large 
as those formed more distant or as those formed on control leaves without prior 
infection. This indicated that the inhibition phenomenon was not explained by 
decreased invasiveness after the fungus was established but must have been exerted 
during the germination and/or penetration process. 

Microscopic observations revealed that uredospore germination on the leaves 
was weaker close to old lesions than it was farther away. This narrowed the case 
to a probable effect on the spores. 

With bean rust, host penetration is accomplished in about }% hours.? When in- 
oculated leaves were inclosed in sealed Petri dishes with hee vily rusted leaves for 
14 hours at 16 hours after inoculation, the amount of infection was not reduced. 
This supported the above evidence that the Invading fungus was not affected by 
the toxic vapors after penetration had been accomplished. 

Summary.—Established infections of bean rust reduced later infections with the 
same rust up to 50 mm. beyond the first infection. Reduction was in number of 
lesions, not in size; hence the effect is on the infection process, not on lesion enlarge- 
ment. The greater the age of the first infection, the greater the distance of inhibi- 
tion of the second infection. 

Heavy seeding of rust uredospores on agar, and the inclosure of the seeded dishes, 
reduced spore germination. The inclosure of rusted bean leaves in plates with 
spores reduced spore germination. 

Attachment of rusted bean leaves to leaves freshly inoculated with bean rust, 
broad bean rust, or snapdragon rust reduced infection with each of these diseases. 
Attachments of rusted snapdragon leaves to freshly inoculated bean or snapdragon 
leaves reduced infection. Attachment of rusted bean leaves to leaves inoculated 
with bean powdery mildew, bean anthracnose, tobacco mosaic virus, and tobacco 
necrosis virus did not reduce infection with these pathogens. 
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It is concluded that the acquired immunity to rusts observed is at least partly 
due to a gas formed by the rust, which gas is toxic to the germinating spores of 
certain rusts but is not toxic to certain other plant pathogens. 


1C, E. Yarwood, Phytopathology, 43, 490 (1953). 
2C. i. Yarwood, ¢bid., 38, 542-551 (1948). 


RADIAL DISTRIBUTION FUNCTIONS OF SOME STRUCTURES OF THE 
POLYPEPTIDE CHAIN 


By Jerry DONOHUE 
DEPARTMENT OF CHEMISTRY, UNIVERSITY OF SOUTHERN CALIFORNIA, LOS ANGELES 
Communicated by Linus Pauling, April 8, 1954 


There have recently been described!* several hydrogen-bonded helical configura- 
tions of the polypeptide chain in addition to the a- and y-helices discovered by 
Pauling and Corey? in 1950. All helical configurations of the polypeptide chain in 
which the amino acid residues are equivalent may be identified by a single number, 
R, which is equal to the number of atoms in the hydrogen-bonded ring. The values 
of R fall into two families, being equal either to 3n + 4 or to 3n + 5, depending on 
the direction of the hydrogen bonding relative to that of the polypeptide chain. 
Assumption of certain structural conditions, now too well known to repeat here, 
then leads, for each value of R, either to a structure with a rather definite number, 
S, of polypeptide residues per turn of the helix or to a structure of such great insta- 
bility that it may be rejected. The complete designation for such helical struc- 
tures is Sp. Systematic considerations’ of the stabilities of the various helices with 
R < 17 have led to the conclusion that none of the family of structures with R = 
3n + 5 has satisfactory stability and that the probable order of stability of the 
members of the family with R = 3n + 4 is 3.613, 4.416, 2.27, and 3.010, the 3.613 (a@) 
helix being the most stable. 

All recent work? has confirmed that the structure of the synthetic polypeptide 
poly-y-methyl-L-glutamate is based on the a-helix, as originally suggested by 
Pauling and Corey®. There has also been presented,® 7 moreover, evidence that a 
system of deformed a-helices may be the basis for the structures of some of the 
native proteins of the a-keratin group. With regard to the globular proteins, on 
the other hand, the arguments which have been advanced in support of the pres- 
ence in them of the a-helix are much less direct and convincing. Following his dis- 
covery of 1.5 A reflections, predicted by the a-helix, from poly-y-benzyl-.-gluta- 
mate, horsehair, and porcupine quill, Perutz® looked for and found a “faint bulge’’ of 
maximum intensity at 1.5 A in the expected direction in the X-ray-diffraction pat- 
tern of crystalline horse hemoglobin. Ambrose and Elliott® have noted a similarity 
between the infrared absorption bands associated with the peptide groups in glob- 
ular proteins and synthetic polypeptides. Finally, comparisons of the radial 
distribution function calculated for the 3.61; (a) helix with those derived from the 
X-ray-diffraction data of single crystals of horse hemoglobin” and amorphous 
bovine serum albumin!! have been made: The agreement in both cases was con- 
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sidered significant. (A radial distribution curve for crystalline horse hemoglobin 
was calculated by Pauling and Corey" by numerical integration of the Patterson 
sections published by Perutz. A recalculation of this function was made with 
Perutz’s observed values of (F),;\°. This direct method gave a curve virtually 
identical with the first, so it is not reproduced here.) None of the above bits of 
evidence provides unambiguous indication of the a-helix. The results of the radial 
distribution method, in particular, which have probably been considered the most 
forceful, really serve only to show that that structure cannot be eliminated, as was 
' It is especially desirable, therefore, that 
this method be extended to cover the other structurally reasonable helical strue- 


the 5.117 (y) helix, on those grounds. " 
tures. 


In the present analysis, radial distribution curves were constructed in the follow- 
ing way: for each structure all interatomic distances, ro, less than 10 A, except 
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aa Fic. 2.—Radial distribution curves for the 
Fic. 1.—Radial distribution curves topologically similar 3.6); and 41; helices. 


for the 3.6); (a@) helix, showing the 
effect of varying the temperature factor 
B. 


those involving hydrogen, were calculated. Each interaction was then weighted 
and multiplied by the function Z,Z; exp [—22?(r — ro)?/B], which gives the relative 
height, at co-ordinate r in the radial distribution function, of a peak arising from 
two atoms ry A apart having atomic numbers Z; and Z; and form factors propor- 
tional to exp (—B sin? 3/d?). The resulting numbers were then tabulated, and 
their summation over r gave curves proportional to 42r29(r), the conventional radial 
distribution function. The factor B represents the sum of a temperature factor in 
the usual sense, plus an additional amount due to the decline of the atom form fac- 
tors with sin #/A. For most of the curves the value B = 4 was used. This value 
corresponds to much sharper peaks than would be expected from the analysis of 
any X-ray-diffraction data from proteins. Use of a much larger value of B would 
more closely approximate physical reality but would also render the calculations 
almost impossibly tedious. The effect on the radial distribution curves of variation 
in the value of B was accordingly investigated to some extent, as explained below. 
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In Figure | the effect of variation in the value of B is illustrated. Curves were 
constructed with the use of values of 3 of 2 and 4 for the two possible structures of 
the a-helix, i.e., with the 8-carbon atom in position | or position 2. As could, of 
course, have been anticipated, the resolution is much poorer for the curves made 
with the larger temperature factor. All four curves have their major maximum 
at 5.0-5.1 A, but much of the interesting detail in the region r = 6-9 A is lost when 
the larger B value is used. It is probably safe to assume that, while the use of an 
unnaturally small value of B will not change the general character of a calculated 
radial distribution curve, it may not be valid to attach undue significance to minor 
features, which may well be artifacts. In this connection, it is of particular interest 
tocompare the curves of Figure | with the curves calculated by Pauling and Corey’ 
for the a-helix. The method used by them in constructing their radial distribution 
function was very similar to the one used here, 
except that (1) the function was sampled at in- 
tervals of 0.25 A rather than 0.1-A; and (2) the 
peak shape of an interaction corresponded to a 
temperature factor of about B = 1.8, rather 
sharper than either of those used here. While 





their curves do not differ in essence from those 


in Figure 1, it is noteworthy that use of the 
sharper peak shape and larger sampling interval pet 
has shifted the position of the main maximum ben 
somewhat, from about 5.0 to 4.8 A, and has 
altered the character of the curve in the 6-9 A 


region. 

It next becomes of interest to determine the 
sensitivity of the radial distribution function to 
changes in structure. Before comparisons were 
made between the structurally dissimilar 
helices, however, the curve for the 4,3 helix of 
Bragg, Kendrew, and Perutz'? was prepared. Hk Oo Oo 8 er oe 
This helix is related to the a-helix, but it had 
been constructed so that there are exactly 4 resi- ,_ FG. 3. Radial distribution curves 

: 5 : : for the first four members of the Rk = 
dues, instead of 3.6, per turn; it has the same 3n + 4 family of structures. 
hydrogen-bonding scheme as the a-helix and 
may therefore be considered an a-helix deformed to such a degree that the struc- 
tural postulates are no longer satisfied. As may be seen from Figure 2, this de- 
formation has two effects: first, the peaks appear to be less broadened (although 
the value B = 4 was used in the computation of both curves) and, second, large 
shifts have occurred with regard to the positions of the maxima, in particular that 
of the main one, which has moved outward to 5.4-5.5 A. It is reasonable to as- 
sume that structures with R = 13 having values of S between 3.6 and 4 would 
show curves intermediate between those of Figure 2. Hence, although a difference 
in S of 0.4 residue per turn is readily detectable, it would not be possible to dis- 














tmguish by this method between structures which differ in S only by several hun- 
dredths or so. 


Subsequent to these preliminary studies, calculations were made in order to com- 
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pare the radial distribution functions of the first four members of the R = 3n + 4 
family, which have already been shown to be the most probable from structural 
considerations. Curves corresponding to each of the two possible positions of the 
B-carbon atom were constructed, with the exception of the 2.2; helix, for which, 
since the position assigned to 6-carbon-2 involves great steric hindrance, only the 
B-carbon-1 curve was calculated. The factor B = 4 was used in all cases. The 
seven radial distribution functions are presented in Figure 3. The two curves for 
the 3.6); (@) helix are, of course, identical with those for B = 4 in Figure | but are 
shown again for comparative purposes. All the curves are identical in the region 
Q—2 A, the peak at 1.40 A being the weighted average of the bonded distances within a 
single residue. The next peak, at about 2.7 A, is composed primarily of inter- 
actions between next-nearest neighbors in the chain, interaction across the helix, 
and the N.... O distance in the hydrogen bond. Beyond this region a wide diver- 
gence in the character of the curves occurs, the functions for the 2.2; and 3.0, 
helices, both with 6-carbon-1, being particularly different from the others. 


TABLE 1 


PostrTiONs AND HEIGHTS OF SOME PEAKS IN RaprtaAL DISTRIBUTION FUNCTIONS 


8-Carbon Position of Height of 

Helix Position Maximum, A Maximum* 
3.01 (2) 5.0 3.6 
6.0 3.93 
ire’: Zo 
3.01 (1) 5.0 1.8 
6.0 2.8 
ia 3.0 
3.6, (2 5.0 aes 
G2 3.8 
ton 3.2 
4. Sie (1) 1.9 7.4 
5.8 6.1 
6.9 4.5 
oT (2) 1.9 ee 
5.9 5.6 
ten x as 


* Relative to the height of the peak at 1.40 A, which is the same for all the curves. 


It is remarkable that the remaining curves are all quite similar: all of them 
show a main peak in the vicinity of 5 A, with subsidiary peaks near 6 A and 7 A. 
The strength of the 5 A peak relative to the outer peaks increases markedly with 
increase in AR, that is to say, it is of overwhelming strength for the 4.3,5 structure, 
moderately strong for the 3.6,; (a) helix, and only slightly stronger than the sur- 
rounding peaks for the 3.0;) (@-carbon-2) structure. Although, as was shown above, 
the exact position of a peak in the calculated function depends somewhat on the 
method of calculation, it is of interest to give quantitative comparisons of peak 
positions and relative heights. This is done in Table 1. 

The significance of the comparison of these calculated curves with curves ob- 
tained from X-ray-diffraction data is unfortunately somewhat uncertain, The 
calculated curves, of necessity, are made by consideration of a single helix without 
side-chain atoms other than B-carbon, since there is no satisfactory way either of 
deciding just how neighboring helices would pack together or of assigning positions 
to the remaining side-chain atoms. In view of the rather large variations in the 
curves when the two possible 8-carbon positions are used in the calculations, it seems 
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reasonable to predict that introduction of some of the remaining side-chain atoms, 
particularly if this is done in a regular way, would lead to equally noticeable changes, 
especially in the positions and relative heights of the subsidiary maxima. The 
suggestion of Riley and Arndt,'* that their scattering data can be used not only to 
show which 8-carbon position (in the a-helix) is the one present in serum albumin 
but also to indicate that a mixture of both is present in insulin, appears unwar- 
ranted, both because of the above argument and because of the marked similarity 
between the radial distribution functions of the 4.3). and 3.6); structures, the former 
being as yet untested by them. $ 

As for the packing together of adjacent helices in a protein molecule, interhelical 
interactions undoubtedly begin to become important at distances approximately 
equal to the separation between the helical axes. For this reason, extending the 
curves for a single helix beyond 8 or 10 A is fruitless for purposes of comparison with 
data from proteins. Moreover, the radial distribution function of a single 2.2; helix 
is particularly useless in this regard, for the flat character of this structure should 
enable two of them to pack rather more closely together than the others. The 
effect on the calculated curves of a regular twisting of a-helices about one another® is 
also not known. 


This work was begun at the Cavendish Laboratory, Cambridge University, Cam- 
bridge, England, and was supported by a grant of a fellowship from the John Simon 
Guggenheim Memorial Foundation. The experimental | /’,,,\? values for crystalline 
horse hemoglobin were made available through the courtesy of Dr. Max Perutz. 
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DEVIATION OF AQUEOUS ELECTROLYTE SOLUTIONS FROM 
ONSAGER’S EQUATION* 


By KE. LOWELL Swartst AND CHARLES A. KRAuS 
METCALF RESEARCH LABORATORY, BROWN UNIVERSITY 
Communicated April 20, 1954 
In deriving the equation 
A = Ay — (Ana + BV C, (1) 


Onsager! neglected all terms of order higher than WC. In this equation, ( is the 
equivalent concentration, A the equivalent conductance, Ao the limiting conduct- 
ance as C approaches zero, and @ and 8 are constants whose values are fixed by the 
viscosity and the dielectric constant of the solvent, the absolute temperature, and 
the number of unit charges on each of the ions. Considering that @ and 8 are not 
arbitrary constants, equation (1) accounts remarkably well for the conductance of 
aqueous solutions of strong electrolytes of all types at lower concentrations. How- 
ever, even at low concentrations, observed conductance values are usually larger 
than predicted, the deviations increasing with concentration. It has been suggested 
that these deviations may be accounted for by terms of higher order that have been 
neglected. In equation (2), two of what appear to be the more important of these 
terms have been introduced: 


A = Ao — (Apa + B)VC + BC + DC log C. (2) 


The coefficients B and D are constants which have not been evaluated successfully 
on a theoretical basis. 

While the need for the logarithmic term has not been definitely established, the 
linear term has been shown to be both necessary and sufficient for describing ob- 
served conductance values for solutions of many different salts. For most ordinary 
salts, B is positive. When B has been found negative, many writers have ascribed 
the deviation to ion association. 

According to the early measurements of Fuoss and Kraus? with solutions of tetra- 
isoamylammonium nitrate in dioxane-water mixtures, this salt is completely disso- 
ciated into its ions in mixtures having a dielectric constant greater than about 44. 
The dissociation constant of this salt in mixtures of different dielectric constant 
were found to be in good agreement with Bjerrum’s theory.* Recently, Robert 
W. Martel has carried out further investigations of the conductance of several salts 
in dioxane-water mixtures and has found that all are completely dissociated at di- 
electric constants ranging from 44 to 53. For some of these salts, B has a positive, 
for others, a negative value in pure water. 

In what follows we shall be chiefly concerned with the linear term of equation (2). 
A considerable number of salts has been investigated in the concentration range 
between | X 10~4and3 X 1073.N. 

The procedures and techniques employed in carrying out the conductance meas- 
urements were those developed in this laboratory over the last few years. They 
have been described elsewhere,*: ° and their description need not be repeated here. 

The conductance cell had a capacity of one liter of solvent and was capped to ex- 
clude the atmosphere. Salt samples were weighed out in platinum-lidded Vycor 
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cups on a microbalance which had a sensitivity of | ugm. After determining the 
specific conductance of the solvent, a cup was dropped into the cell and the con- 
ductance of the solution determined. Thereafter, a second cup, containing about 
the same quantity of salt as the first, was dropped into the cell and the conductance 
of the solution measured. This system of additions was continued until the de- 
sired concentration was reached. All operations in which the cell was opened to the 
atmosphere were carried out in a gloved box in which the carbon dioxide content 
of the atmosphere was controlled and constant. Water in equilibrium with this 
atmosphere had a specific conductance of 0.3-0.4 & 10~. 

The water employed in these measurements was purified by the method of Kraus 
and Dexter.? It was collected in a quartz flask under nitrogen and was stored in the 
gloved box. 

The quaternary ammonium salts were prepared by conventional methods, the 
freshly distilled tertiary amines and alkyl halides being reacted at as low a temper- 
ature as practicable. The resulting salts were purified with great care by repeated 
recrystallizations from suitable solvents.* 

The results of the present investigation are presented in Table 1, where the con- 
centration, (, of the solutions, in gram moles of solute per liter of solution, appears 
in the first column. Values of the equivalent conductance, A, appear in the second 
column. In computing the equivalent conductance of the electrolyte solutions, 
the specific conductance of the solvent has been subtracted from that of the solu- 
tions. However, in view of the fact that the conductance of the solvent is primarily 
due to carbon dioxide, correction was applied which took into acount the effect of 
added electrolyte on the carbonic acid equilibrium. This correction modified A 
values in the most dilute solutions to the extent of several hundredths of a A-unit. 
Baker has discussed this correction in some detail.’ 

In the third column appear values of Ao’ as defined by the equation 


A+ BVYC 
ct A oe Ny > (3) 
l1—avVC 
The value of the difference Ap’ — Ap at any given concentration is a measure of the 


deviation of the equivalent conductance from the simple Onsager equation at that 
concentration. If this deviation is a linear function of C, then it will be equal to 
BC, where B is an empirical constant and equal to the slope of the lines on a plot of 
Ao’ versus C. In computing values of a and 8 of the Onsager equation, we have 
employed Wyman’s value of the dielectric constant," 78.54, and Dorsey’s value of 
viscosity, !! 8.945 & 10-3. 

Equation (3) is not identical with equation (2), but at low concentrations the 
difference is negligible. At 0.01 N, the difference is of the order of 0.01 per cent. 
This equation is very convenient in studying deviations from Onsager’s simple 
equation in that Ao’ may be computed from experimental values without knowledge 
of the precise value of Ao. In what follows, we shall be chiefly concerned with 
solutions for which the DC log C term does not appear. Under these circumstances, 
Ao’ isa linear function of C, and the slope of the A» versus C plot is equal to B. 

In Table 2 are collected values of Ay and B for all the salts measured, along with 
those for a few salts measured by other observers in this laboratory. 

Plots of Ap’ versus ( for a series of quaternary ammonium bromides are shown 
in Figure 1. The radii of the circles correspond to approximately 0.01 A-unit. 
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TABLE | 
CONDUCTANCE VALUES FOR SALTS IN WarerR ar 25° C, 
x 10 A Av’ Cc x 105 A Ao’ 
Tetramethylammonium Chloride B.  Vetramethylammonium Bromate 
6553 118.919 120.600 2.438883 99 032 100.333 
2679 118.215 120.583 4.92551 98 . 505 100.352 
7398 117.568 120.576 9. 79783 97.780 100.385 
0672 116.852 120.588 14.6548 97 . 234 100.418 
2795 116.178 120.592 24.4159 96.372 100. 483 
5302 115.599 120.607 
Tetramethylammonium Bromide D. Tetramethylammonium Lodide 
0281 121.236 122.492 1.46496 120.392 121.457 
97545 20). 712 122.472 2.95012 119.925 121.436 
61151 120 . 222 122.486 5.39209 119.366 121.409 
5748 119.601 122.461 9. 26201 118.703 121.380 
11538 118.812 122.448 15. 1065 117.894 122.312 
9202 118.037 122.421 23.8422 116.9538 121.247 
38.3611 115.726 hea Oe la 
67.2754 113.855 121.064 
96. L991 112.419 121.0387 


FE. Tetramethulammonium Picrate 


2.13729 114.666 115.936 1.64870 74.141 13.138 
t 35422 114.124 115.9385 3.29450 73.743 75.150 
7.96756 113.495 115.944 6.54676 73.219 75.201 
11.5705 112.986 115.936 9. SO81L0 72.817 75. 2438 
17.3607 112.343 115.957 16.3372 72.193 75. 323 
24.6003 111.667 115.970 22. 8504 71.703 75.407 
32.6075 ra i 53 75.528 

CG. Tetraethylammonium Bromide H Tetraethylammonium Lodide 
L. 82337 108. 949 110.105 1.57990 108.056 109.128 
3.64768 108.489 110.122 3.15527 107.612 109. 127 
5.93688 108.012 110.094 5.11428 107.176 109.108 
8. 23999 107.634 110.085 7.06903 106.809 109.073 
12.7880 107.007 110.060 10.9855 106.214 109.036 
21.8747 106.017 110 O10 18. 8067 105. 255 108. 946 
I. Tetraethylammonium Picrate J. Tetra-n-butylammenium Bromate 
1.39472 62.060 62.944 1 07241 74.391 75.197 
2.76379 61.702 62.945 2. 42202 74.006 75.214 
5.51667 61.210 62. 964 3.76434 73.729 75.234 
8 28402 60.852 63.000 6.43761 73.305 75. 269 
13.7977 60.276 63.048 11. 8051 72.656 75.317 
22.0458 59.629 63. 134 17. 1629 72.149 18,008 
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Tetra-n-butylammonium Bromide W. Tetra-n-propylammonium Bromide 


51267 96.522 97.539 1 85091 100.234 101.371 
O1682 96.114 97.550 3. 72757 99.758 101.370 
14207 95.6388 97.511 5.93372 99.314 101.346 
18647 95.118 97.479 9 61340 98.7338 101.318 
8115 94.598 97.434 15.0992 98 O30 101.270 
33850 94. O45 97.379 22.4056 97.273 101.219 
Sodium Picrate 
14984 79. 989 80. 836 
28708 79.668 SO. 861 
16456 79. 256 80.865 

7.89639 78.711 80.924 
3588 77.968 81.053 
7857 77.423 81.183 
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It will be noted that all plots are linear up to about 2.5 & 107>% N. The con- 
stant B of equation (4) is negative for all these bromides and increases (negatively) 
as we go from the tetramethyl! to the tetrabutyl ammonium salt. In Figure 2 are 
shown plots for salts for which B is positive. It should be noted that these are 


salts of larger anions. 
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Fig. 1.—A‘y-C plots for quaternary ammonium — Fig. 2.—A‘\-C’ plots for salts having positive 
bromides values of B 


Since B = dAo’ /dC, and we are concerned with changes relative to Ay, We may nor- 
malize equation (3) by dividing through by Ay. This leads to 
Ao’/Ag = 1 + BC, (1 
where 
B’ = B/X. (5) 


TABLE 2 


VaLurs or Ay AND B FoR QUATERNARY AMMONIUM SALTs IN WATER AT 25° C, 


Salt \ B Salt Ao B 
MesNI 121.47 — 9 Me;NNO: 113.93 + If 
KigNI 109 16 115 n-BuyN NOst 90.89 — 115 
n-Pr,NI* 100.38 — 243 i-Am,yN NOst 89.32 —~ 150 
n-BuyNIt 96 33 286 MeN BrO. 100.32 67 
MeyNBr 122.50 32 n-BuyN BrO 75.20 + 93 
KtyN Br 110.13 a y5) Me yNP1 7%. 12 + 126 
n-PryN Br 101.39 78 KtyNPi 62.92 + 100 
n-BuyN Br Q7 57 115 NaPi 89.79 + 166 
Me yNCI 120.56! + 16 Nalt 127.24 + 133 


i. G. Baker, unpublished observations. 
E.G. Baker, thesis, Brown University, 1951. 
R. W. Martel, unpublished observations. 


T 
TABLE 3 


VaLurs OF B’ vor SALTS IN WATER Av 25° C, 


I Br Cl NO37~ BrO Pi 
MeN 0.81 0.26 +0. 13 +0.12 +. 67 + 1.68 
KtyN —1.05 0.50 + 1.59 
f n-PryN -~2 39 0.77 
4 n-BuyN = DOF =i 18 1.27 +1.24 
: i-AmyN 1.68 
: Na + 1.03 +0. 56 +2. 05 


In Table 3 are given values of B’ for all salts whose conductances have been 


measured. It will be noted from the table that —B’ increases as the size of the 
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quaternary ammonium ion increases. For tetramethylammonium iodide, B’ = 
—(.81; for the corresponding butyl! salt, B’ = —2.97. For the bromide, — B’ is 
smaller than for the iodide, but the order of B’ values for different bromide salts is 
the same as for the iodides. For tetramethylammonium chloride, B’ is slightly 
positive: +0.13; presumably it would be negative for chlorides of larger quater- 
nary ammonium ions. For tetramethylammonium nitrate, B’ = +0.12; for the 
tetrabutyl and the tetrazsoamy! salts, is — 1.27 and — 1.68, respectively 

The salts of bromate and picrate ions all have positive B’ values, and they are less 
sensitive to the size of the positive ions than are the salts of halide ions.  B’ is 
positive for all sodium salts—iodide, bromate, and picrate. For sodium picrate, 
B’ = 2.05; for the bromate it is 0.56; and for the iodide, 1.08. It is a striking fact 
that, while B’ is strongly negative for quaternary iodides, it is markedly positive for 
sodium iodide. The value of B’ appears to be a specific property of both the ions of 
these electrolytes. 

Lange'? has measured the conductance of quaternary ammonium iodides and 
chlorides at 0.0° C. Although his measurements extended only to 1 & 107% N, 
they are consistent, and we have been able to evaluate the constants B and Ay 
therefrom. 


TABLE 4 


VALUES OF B’ FOR SOME SALTS IN WATER AT 0° AND 25° C, 


Salt B’(0°) B’(25°) Salt B’(0°) B’(25°) 
Me NI —0.99 —(0.81 n-PryNI —2.24 —2.39 
KitsNI —1.60 — 1.05 n-BuyNI —3.13 —2.97 


‘ 


In Table 4 are shown values of B’ for the iodides at 25° and 0.0° C. The values 


of B’ are somewhat larger at 0° than at 25°, but they closely parallel each other at 
the two temperatures. Seemingly, —B’ decreases with increasing temperature. 

Coates and Taylor'* have measured the conductance of a considerable number 
of salts in liquid hydrogen cyanide at 18° C., where the dielectric constant is 118. 
Since we have no conductance data for solutions in any other solvent whose di- 
electric constant is greater than or approaching that of water, we have analyzed the 
hydrogen cyanide data by the method described above and have evaluated Ap and 
B for a number of salts. In Figure 3 is shown a plot of Ao’ for tetramethylammo- 
nium picrate. This plot is linear within the limit of experimental error, about 
0.03 per cent. There can be no doubt that the deviation from Onsager’s equation 
in liquid HCN isa linear function of concentration. 


TABLE 5 


VALUES OF Ay, B, AND B’ voR SOME SAtts IN HCN arr 18° C, 


Salt Ao BHCN B’ HCN B’ HO 
Me yNCI 382.6 +1730 +4.53 +0). 12 
MeyNBr 383.0 + 1700 +4.44 —(). 26 
Me NI 387.7 +190 +0.49 —0.81 
KtyNI 357.2 +510 +1.43 —1.05 
Me NPi 310.6 +1130 +35.64 +1.68 
KtaN Pi 282.2 + 1400 +4.96 +1.59 
Nal 345.1 +430 +1.25 +1.03 
NaPi 267.8 + 1200 +4.67 +2.05 


In the second, third, and fourth columns of Table 5 are listed values of Ag, B, and 
B’, respectively, for a number of salts in HCN. In the fifth column are listed 
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values of B’ for the same salts in water. It will be noted that B’ is positive for all 
salts in HCN and that its value differs greatly for different salts. The extreme spread 
in the value of B’ is greater in HCN than in water, 4.47 and 3.10, respectively. The 
manner in which B’ varies for different salts shows but little parallelism, although 
tetraethylammonium iodide has a small value of B’ in HCN and the most 
negative one in water. So, also, tetraethylammonium picrate has the largest 
value of B’ in HCN and a large value in water. 

It has been observed that with certain salts, particularly potassium salts of oxygen 
acids, the deviation from Onsager’s equation is positive at higher concentrations, 
then crosses the theoretical straight line (on the A-+/ C plot) to become negative 
at lower concentrations, ultimately approaching the theoretical line from below. 
For these salts a plot of Ap’ versus C passes through a minimum at lower concentra- 
tions. If we write equation (2) in the form 


Ay’ = Ao + BC + DC log C, (6) 
Ap’ will pass through a minimum at a concentration C,,, where 
log C, = —(B/D + 0.48). (7) 


It has been suggested that this minimum is due to the term DC log C of equation 
(6) and that the observed values conform to that equation. 
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Baker* has observed such minima with a number of potassium salts. Baker 
and Kraus'‘ have shown that equation (6) reproduces the observed values for KNO; 
and KI through the minimum within 0.005 per cent. However, subsequent in- 
vestigation in this laboratory indicates that these minima may be spurious. Gor- 
don'> has carried out measurements that go to show that the deviation plot for KI is 
linear. We have also been able to obtain a linear plot for this salt, but not con- 
sistently so. The same is true of potassium bromide. With one sample of sodium 
picrate, we obtained a linear plot; with a second sample, we obtained a minimum at 
a concentration of about 5 & 1074 N. 
of the two samples checked within 0.01 A-unit. 


At high concentrations the conductance 


Baker’s 
series A was with an incompletely purified sample of Kahlbaum’s KNQOs;; series 


In Figure 4 are shown graphs of Ao’ versus ( for potassium nitrate. 


K was with a sample of Baker and Adamson KNO; that had been repeatedly re- 
crystallized. The broken 
Finally, we have the plot of 


The Ay’ values for this series conforms! to equation (6). 
line is with a sample of the same salt a year later. 
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Shedlovsky’s results,'® which differ from all others. There can be no doubt that 
most, if not all, of these minima are spurious. 

One observation which we have made may have an important bearing on this 
problem. In many cases, on addition of the first sample, the resistance of the 
solution drifted to lower values. The rate of this drift depended on the salt as 
well as on the sample. In some instances the drift continued over a period of 24 
hours. It may be noted, in this connection, that such drift was seldom observed 
with sodium salts and never with quaternary ammonium salts. — It is possible that 
some of the minima that have been reported are real; there is no doubt that some, 
if not many, are spurious. 


* The investigation here reported was supported by the Office of Naval Research under Con- 
tract N7onr-35809, 

+ This paper is based on a portion of a thesis presented by I. Lowell Swarts in partial fulfillment 
of the requirements for the degree of Doctor of Philosophy in the Graduate School of Brown Uni- 
versity, June, 1954. 
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THE DYNAMIC ANALYSIS OF LOW-ASPECT-RATIO AIRPLANE WINGS 
By Hotr AsuLey, Hersert M. Voss, AND GARABED ZARTARIAN 
DEPARTMENT OF AERONAUTICAL ENGINEERING, MASSACHUSETTS INSTITUTE OF TECHNOLOGY 
Communicated by E. R. Gilliland: read before the Academy, November 11, 1953 


Introduction.—A large proportion of all theoretical and experimental research 
within the field of aeroelasticity concerns itself with the oscillatory or transient 
dynamic motion of aircraft wings, in which elastic deformations play a significant 
part. There was a day when such research was much less difficult than at present, 
not only because of the introduction of more refined methods of analysis but because 
wings were once much simpler and more eaily classified affairs than they are today. 
“Conventional” wings at one time had little or no sweepback and relatively large 
aspect ratio (span-to-chord ratio or, more precisely, span-squared-to-plan-area 
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ratio). Structurally they were one-dimensional; the over-all deflections resembled 
quite closely the combination of an idealized slender beam in bending and a St. 
Venant rod in torsion. Aerodynamically the fluid motion over them was well ap- 
proximated by a series of airfoils in two-dimensional flows. 

This paper undertakes briefly to review the results of some recent investigations 
made at the Massachusetts Institute of Technology Aeroelastic and Structures Re- 
search Laboratory on the dynamics of wings which do not conform to the simplified 
classical picture. Such configurations are typified by the familiar ‘delta’ plan- 
form, but they come in a wide variety of shapes and have in common only the fact 
that their aspect ratios are of the order of unity. The air flow produced by their 
oscillation is definitely three-dimensional, while their deformations resemble those 
of a nonuniform plate. Indeed, their structural stiffness properties are usually fur- 
nished to the aeroelastician in the form of a matrix of bending influence coefficients, 
linear deflections at a series of points over the surface of the planform due to unit 
loads applied successively at the various points. Certain inadequacies of this kind 
of representation will be discussed later. When one attempts to build a dynamic 
model of such a wing for wind-tunnel ex- 
periments, one is led to a construction 
similar to that illustrated in Figure 1. 
This is a circular model whose stiffness is 
provided by a Duralumin plate and whose 
streamlined shape is formed out of balsa- 
wood blocks, covered during testing with 
sheet rubber. Owing to structural non- 
linearities under lateral deflections which 
are large compared with the plate thick- 
ness —“‘oilean effect’’—this arrangement 





has not proved completely satisfactory for 
representing the truly platelike wing. It Fic. 1.—Cireular model before covering 

is now being replaced, at least for low- 

speed testing, by models based on networks of interconnected beams, which provide 
much better linearity and, in theory at least, can be made to reproduce a given set 
of influence coefficients more conveniently than any plate. 

A multitude of dynamic aeroelastic problems arise in connection with low-aspect- 
ratio wings. These include free vibration; response in flight to various external 
disturbances, such as atmospheric turbulence, blast waves, landing impact, sinu- 
soidal shaking forces from unbalanced propellers, and the like; torsional or chord- 
wise divergence during accelerated maneuvers; and the dangerous oscillatory aero- 
dynamic instability known as “flutter.”’. The research reported herein concentrates 
on flutter, together with the related phenomenon of response to sinusoidal shaking 
in the presence of an air stream. This emphasis on flutter has not been placed 
arbitrarily, for it is traditionally the most serious aeroelastic problem and ap- 
parently retains this severity in most low-aspect-ratio cases. Although not always 
recognized as such, flutter has been an important consideration for the designer 
since the period when biplane trusses were supplanted by cantilever monoplanes, 
with their attendant gross reductions of torsional rigidity. It certainly cannot be 
ignored today, since stiffness requirements have replaced strength in designing 
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more than half the major structural elements of certain modern aircraft wings, and 
the critical speed at which flutter instability appears is one of the primary criteria of 
stiffness. 

Methods and Results of Flutier Analysis..-What flutter can do to a wing in flight 
may be readily demonstrated. During the complete time interval of one two- 
hundredth of a second, a model in the M.I.T. intermittent supersonic wind tunnel 
tore halfway through chordwise at a spanwise station. 

From the mathematical standpoint, flutter is a double eigenvalue problem, occur- 
ring at a combination of the lowest air speed and frequency for which a flexible 
Wing can execute simple harmonic oscillations in air of given density, ete. Our 
first attempts at theoretical prediction of low-aspect-ratio flutter involved intro- 
ducing new expressions for the three-dimensional aerodynamic loads into equations 
of motion based on the well-known Rayleigh-Ritz procedure. This technique, 
which has been established as sufficiently accurate for “conventional” wings, con- 
sists of assuming that the flutter mode shape is a superposition of the first few 
natural modes of free vibration of the structure. The convergence of the Rayleigh- 
Ritz procedure has never been rigorously proved for flutter analysis, because the 
nature of the aerodynamics spoils the self-adjointness of the differential or integral 
equations. This has not, however, led to any serious practical difficulties in the 
past. As an example in which the Rayleigh-Ritz approach proves satisfactory, 
Table 1 compares bending-torsion flutter speeds predicted by three successively 
more accurate aerodynamic theories for a rectangular wing of aspect ratio 2.3 (the 


TABLE 1 


Ratio oF THEORETICAL TO EXPERIMENTAL FLUTTER SPEEDS 
(RECTANGULAR WING, Aspect Ratio 2.3) 


(1) (2) 3) 
V tkeor:/ Veep- 0.738 1.043 1.032 
* Kmploying aerodynamic theories: (1) two-dimensional strip theory; (2) theory of Reissner and Stevens; 


3) M.I.T. ‘‘L and M”’ theory. 


results are presented in dimensionless form for security reasons). The two-dimen- 
sional theory! gives a too conservative speed. The other two calculations are based 
on (2) an approximate three-dimensional theory of Reissner and Stevens? and (3) a 
more precise but laborious method developed at M.1.T.* from a suggestion of Reiss- 
ner for the steady-flow case. Both the latter results would appear sufficiently 
accurate to the aeroelastician, for this case. 

Flutter and forced-motion computations were next carried out for the circular 
wing shown in Figure 1 and for a very narrow delta model with a vertex angle of 26 
degrees.‘ The former are based on Rayleigh-Ritz equations and the aerodynamic 
theory of Krienes-Schade. The forced-motion results are presented as a three- 
dimensional plot in Figure 2, which gives amplitude of simple harmonic motion per 
unit applied-force amplitude as a function of air speed V and reduced frequency 
k = we/2V of oscillation. The high response peak near = 0.2 and V = 145 ft/sec 
is a flutter condition. Unfortunately, the experimental counterparts of these com- 
putations are meaningless, because of the afore-mentioned structural nonlinearity. 
Figure 3 shows this model suspended vertically in the M.I.T. low-speed flutter tun- 
nel with a lateral push rod for applying simple harmonic excitation. 
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A more sensitive test of our flutter-prediction techniques was furnished by 
measurements on the 26-degree delta model illustrated in Figure 4. Here again the 
tayleigh-Ritz procedure was employed to analyze the flutter and forced response. 
Because the wing is so slender (aspect ratio = 0.915), we developed an aerodynamic 
theory out of a very simple suggestion of R. T. Jones’ that the flow might be re- 





Fic. 2.—Response surface (amplitude per unit force) for circular model. 


“. 








Fic. 3.—Cireular model mounted in Fra. t.—Chordwise-flexible triangular 
M.I.T. low-speed flutter tunnel. model. 


garded as two-dimensional in lateral planes perpendicular to the flight direction. 
This scheme proved fairly satisfactory for forced motion. Troubles appeared, how- 
ever, in the Rayleigh-Ritz predictions of flutter speed. The measured minimum 
speed for aerodynamic instability was 39.1 m.p.h. The most accurate theoretical 
caleulation we made, based on four free-vibration modes of the structure, yielded 
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54.8 m.p.h. Moreover, a second calculation involving only slight alterations in the 
assumed modes and frequencies, showed a 20 per cent increase to 65.7 m.p.h. Part 
of this inaccuracy is certainly due to oversimplification of the aerodynamic theory, 
as other computations on wider wings have indicated. But a more fundamental 
difficulty is brought out by the extreme sensitivity of the eigenvalues to assumed 
mode shape, a behavior that has never been noted on bare wings of large aspect ratio, 

It is our conclusion that Rayleigh-Ritz flutter analysis of low-aspect-ratio wings 
can be a very complicated and uncertain matter indeed. At times we are up against 
new examples of a phenomenon, recently pointed out by Southwell, in which the 
fundamental eigenfunction may have a very sinous shape, quite different from what 
one might guess a priori. This deduction has since been borne out by high-speed 
flutter measurements made elsewhere, wherein the lowest flutter speed was associ- 
ated with a frequency and mode shape closer to the third and fourth natural modes 
than to the first and second. Evidently a large number of natural modes must be 
used in the Rayleigh-Ritz analysis before any successful answer can be obtained. 
Another related complication, pointed up particularly by the 26-degree delta which 
is flexible only in the chordwise direction, is that the aerodynamic loading of a low- 
aspect-ratio wing is quite sensitive to small changes in the slope of its surface in the 
chordwise direction. This fact is borne out very clearly by our theory. It sug- 
gests that the aeroelastician may require more accurate and more complete struc- 
tural-deflection data for such planforms, especially including information on chord- 
wise slopes produced by concentrated loads. We were led to inaccurate answers 
even for a case whose mass and stiffness distributions we knew completely. How 
serious the difficulties are when one starts from a few influence coefficients for point 
deflections, and from an incompletely known mass distribution, can be imagined. 

Improvement and Systematization of Flutter Analyses for the Future.—Some refine- 
ment in low-aspect-ratio flutter analysis by conventional Rayleigh-Ritz procedures 
may still be possible. In addition to the inclusion of more natural modes, there is 
much to be done in improving existing aerodynamic theory. A step in this direc- 
tion has already been made by Lawrence, Gerber, and Stone® at the Cornell Aero- 
nautical Laboratory. However, an essential difficulty is the fact that present lines 
of development call for a completely new theory for each new wing planform, in 
both subsonic and supersonic flow. This is tedious, frustrating, and most inefficient. 
A fresh approach to the problem is indicated, and we have reason to believe that 
one now under investigation at M.I.T. may be successful. In developing it, we 
returned to the basic integral equation for flutter of a lifting surface: 


Z (x,y) = &@ SS Cla, y; & nym(é n) Z(é, n)dédn + 
S Ss Cla, ys & n) APE, n)dédn, (1) 


where S is the area of the planform; Z (a, y, 2) = Z(x, ye’ = Flutter mode shape of 
the flexible wing; w = Circular frequency of oscillation; C(v, y; £1) = Deflection 


influence function of the wing; m(~, 7) = Mass per unit area of the structure; 
Ap(é, n) = Amplitude of the aerodynamic loading over the surface, a complicated 


function of the unknown mode shape, Z, as well as / and V. 


At this point, use is made of the reciprocal theorems of aerodynamics.’ In 
application here it may be stated: The integral over the planform of downwash 
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distribution A times the pressure distribution due to downwash distribution B is 
equal to the integral over the planform of downwash distribution B times the pres- 
sure distribution which would result for motion of the planform in the reverse direc- 
tion at speed V, with downwash distribution A. This form of the result is appli- 
cable in steady flow or for the case of simple harmonic motion. — If the influence fune- 
tion of formula (1) is interpreted as a downwash, the second integral may be re- 
placed: 


J C(x, ys & mAP(E, n)did n = 


a a 7 a OZ 
: 1wZ(E, n) + J (&, n) JAP (a, y; %, n)d&dn, (2) 
| S Ox 


where Cy is a reference normalizing value of the influence function and Ap,(a, y; 
t, n) is the amplitude of the aerodynamic loading in reverse flow due to a downwash 
distribution given by VC(x, y; & )/Co. The 
advantage of this form is that the pressure is 
to be determined for a known downwash distri- 
bution. 

In the resulting form of formula (1), the two 
double integrals are then approximated using 
numerical integration and the values of the 
known quantities and the deflection, Z, at a 
series of control points selected by dividing the 
area of the planform into grid elements such as 
those shown in Figure 5. 





The use of numerical integration here sug- 








gests the possibility that a similar numerical 
approach to the determination of the pressure 
distribution needed would be within the limits Fie. 5.—Typical low-aspect-ratio 
of available accuracy. For example, in sub- _ plan-form with superimposed grid 
sonic flow the pressure-downwash relation may 

be expressed as 


el (RM? B*)x Pa) , ig _ il ee nee - 1(k M/B?)r 
@(v, y) = lim : : | | Ap(¢, ne | e er ) dé de d 
ey Amp OZ, Ss mss 9 t OZ r nn 


OZ 
ou 





= twZ(x, y) + 1 aN (3) 


where 


r= V(x — §)? + By — n)? + BZ?; 8B? = 1 — M?; M = Mach number; k = 
wb/V’, reduced frequency where 6 is the reference semichord. Great care must be 
taken in replacing this by algebraic relations, because of singularities which occur 
both in the kernel function and in the pressure distribution Ap at the leading edge 
of the wing. We believe we have now overcome these difficulties, so that it remains 
only to carry out sample calculations. The aerodynamic theory is essentially the 
same for all planforms, although it does change, depending on which of three 
speed ranges flutter lies within. 
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Whereas the problem has not been simplified, because of the large number of con- 
trol points believed needed for numerical accuracy, it has been systematized to a 
high degree. The final set of algebraic equations which we produce lends itself to 
the use of matrix notation and can probably be set up and solved with relative ease 
by electronic digital computing machinery. This feature should prove attractive 
to most aircraft manufacturing concerns, nearly all of whom are installing extensive 
digital computing facilities. 

In conclusion, it must be emphasized that the procedure described in the last see- 
tion of the paper is still in a preliminary stage. It does, however, overcome most of 
the difficulties previously outlined. It allows use of the most accurate practicable 
aerodynamic theory, independently of changes in planform. It employs structural 
deflection data in the form usually supplied, without an intermediate calculation of 
natural modes and attendant inaccuracies. It replaces the Rayleigh-Ritz proce- 
dure by something more systematic and more accurate. We have high hopes that 
it may lead to improved predictions of the dynamic aeroelastic properties of low- 
aspect-ratio wings. 


'B. Smilg and L. 8. Wasserman, Application of Three-dimensional Flutter Theory to Aircraft 
Structures (Air Corps T.R. 4798, 1942). 

2. Reissner, Effect of Finite Span on the Atrload Distribution for Oscillating Wings, 1—Aero- 
dynamic Theory of Oscillating Wings of Finite Span (NACA T.N, 1194, 1947). 

3H. M. Voss and H. J. Hassig, [ntroductory Study of Flutter of Low-Aspect-Ratio Wings at Sub- 
sonic Speeds (M.1.T. Aero-elastic and Structures Research, Contract NOa[s] 51-109, May, 1952). 

‘H. M. Voss, G. Zartarian and P.-T. Hsu, Theoretical and Experimental Investigation of the 
Aeroelastic Behavior of Low-Aspect-Ratio Wings. (M.1.T. Aero-elastic and Structures Research, 
Contract NOa[s]51-109-C, June, 1953.) 

5 R. T. Jones, Properties of Low Aspect Ratio Pointed Wings at Speeds below and above the Speed 
of Sound (NACA T.R. 835, 1946). 

6 H. R. Lawrence and I. H. Gerber, The Aerodynamic Forces on Low Aspect Ratio Wings 
Oscillating in an Incompressible Flow (Cornell Aeronautical Lab. Report No. AF-781-A-1, 1952); 
H. R. Lawrence, The Pressure Distribution on Low Aspect Ratio Wings in Steady or Unsteady 
Incompressible Flow (‘‘Reader’s Forum’), Journal of the Aeronautical Sciences, 20, No. 3, 218- 
219, 1953. 

7A. H. Flax, Vhe Reverse-Flow Theorum for Nonstationary Flows (‘“Reader’s Forum’’), 
Journal of the Aeronautical Sciences, 19, No. 5, 352-358, 1952; M. A. Heaslet and J. R. Spreiter, 
Reciprocity Relations in Aerodynamics (NACA T.N. 2700, May, 1952). 


PLASTIC FLOW IN THE CUTTING AND GRINDING OF MATERIALS 
By Mitton C. SHAw 
DEPARTMENT OF MECHANICAL ENGINEERING, MASSACHUSETTS INSTITUTE OF TECHNOLOGY 


Communicated by C. R. Soderberg. Read before the Academy, November 10, 1953 


Introduction.—In practically all manufactured products we find machined sur- 
faces, holes, or more complex shapes. Despite this widespread use of the cutting 
process, relatively little basic research has been undertaken to enable production 
engineers to generalize empirical rules that have been evolved from centuries of ex- 
perience. However, in the last two decades many new tool and work materials 
have been developed which have made it possible and sometimes necessary to cut 
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cOn- under conditions far removed from those previously considered conventional. 
toa The rapid introduction of these new methods has made it necessary to arrive at 
lf to optimum conditions of operation more quickly than is possible by the older em- 
ease pirical case methods, in which only the end-result of a change is noted. A more 
tive fundamental approach to metal-cutting problems involving the measurement and 
sive study of the several basic quantities that control a given process has been the result. 
Whenever research is undertaken in an industrial field that has long been neg- 
sec- lected, important by-products of the work are apt to result. This has been the 
st of case in recent studies of cutting processes, and it is with such extra-production engi- 
able neering applications of cutting research results that this paper is primarily con- 
ural cerned, 
n of How Metal Is Cut.—lf a cutting tool in the process of removing a chip is suddenly 
Oce- stopped and the material in the vicinity of the tool point is sectioned, a picture such 
that as that shown in Figure | is obtained. Deformation is seen to occur suddenly as the 
ow- metal crosses line AB. Figure | reveals that a chip is formed by gliding as active 
slip planes cross line AB. The amount of plastic deformation is seen to be large 
; by comparing the thickness of the chip with the depth of layer removed. If the 
-—_ tool is sharp, a negligible amount of deformed metal is left upon the finished surface 
l ero- (Fig. I). 
There are two major processes that 
Sub- occur during cutting: plastic deforma- 
2). F tion along AB in Figure 1 and friction 
Br: between chip and tool along AC. If 
' the tool is supported by a dynamometer, 
ped | the resultant force on the tool may be 
measured. The component of this force 
inge directed along shear plane AB divided 
a by the area of the shear plane yields the 
18- mean shear stress (7). In machining : 
operations producing chips of ordinary — ¢ pe . vei Dt i Bie ihe Sn 
n”’), size (0.001-0.050 inch thick), about She ay “la At, a By ik ni 4 rr. $ 
ter, three-fourths of the total energy is ; 

, ; ; ai Fig. 1.—Photomicrograph of partially 
associated with shear, while one-fourth formed mild steel chip. Magnification, 80x. 
is consumed in friction. In the grind- 
ing process, where very small chips are produced by tools consisting of sharp 

, cleavage faces of refractory materials, the friction energy is approximately 50 per 
cent of the total, shear energy accounting for the remaining 50 per cent. In all 
> cutting operations the energy associated with the new surface area generated is 

: negligible. 
d Calorimetric studies! show that only from | to 5 per cent of the energy involved 
>  incutting remains in the metal as residual strain energy, the remainder being con- 
ur- ; verted into thermal energy. This large amount of thermal energy gives rise to high 
ing ; temperatures along the tool face, which may be measured by considering the inter- 
‘on face between chip and tool (dissimilar metals) as the hot junction of a thermoelectric 
- circuit and measuring the thermoelectric emf generated while cutting. In this way 
als tool face temperatures are frequently found to be in excess of 1,000° F.?. In addi- 
ut tion to high temperature, the interface between chip and tool is subjected to high 
pressure, and the surface of the chip tends to be extremely clean, since it is newly 
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formed and initially free of all oxide or other contaminating films. These condi- 
tions combine to make the chip surface highly reactive, and when metal is cut in 
the absence of air or other contaminating material, strong bonds are established 
between the clean chip and tool, which result in excessive wear of the tool and rough 
surfaces. 

Cutting fluids are frequently used to prevent welding between chip and tool, 
These materials penetrate the chip-tool interface and react chemically with the chip 
surface to form a low-shear-strength layer. The chloride and sulfides of iron are 
the low-shear-strength chemical products most commonly formed when cutting 
fluids are used. 

An interesting by-product of metal-cutting research is the process known as 
“mechanical activation,’ in which the cutting operation is used to initiate auto- 
catalytic organometallic reactions rather than to produce geometrical surfaces. 
The Grignard reaction is one to which this principle has been applied. In this 
case a Magnesium rod is cut under the surface of a mixture of ether and an organic 
halide in a closed chamber. The reaction between chip and halide starts immedi- 
ately without the customary induction period, due to the autoclave-like conditions 
of high pressure and temperature that pertain at the point of cutting. Once 
started, the reaction continues to completion under normal atmospheric conditions. 
By this means an inconvenient and dangerous batch-type reaction can be carried 
out easily and safely on a continuous basis. 

The Shear Process in Cutting.—When the shear process that occurs in cutting is 
examined, two unusual conditions are observed that result from the smallness of 
volume that is sheared at one time. (1) The rate of strain is unusually high. (2) 
The mean shear stress on the shear plane (7) is higher than would be expected from 
ordinary tensile or torsion data for the same material. The first of these is not of 
great significance with regard to the flow stresses pertaining in cutting, since, below 
the reerystallization temperature, rate of strain has a weak effect upon the flow 
stress of metals. Furthermore, the increased temperature that accompanies in- 
creased strain rate has an effect of the same order of magnitude but of opposite sign 
from that due to rate of strain. 

The second observation is more significant. For Figure 1, where the thickness 
of layer removed (f) is 0.005 inch, the measured mean shear stress would be about 
25 per cent greater than that obtained for the same strain in a tensile or torsion 
test. As ¢ decreases, this discrepancy becomes larger. In Figure 2 is shown the 
variation of total energy per unit of volume cut (uw), with depth of layer (é) re- 
moved.‘ This curve has two parts: a flat region to point A, followed by a region 
approximated by an equilateral hyperbola. The data in the vicinity of A were ob- 
tained from grinding tests, and due to the complexities of this process it is only 
possible to estimate values of ¢ in this region. The values of ¢ for the milling and 
turning data are quite reliable, as are all values of wu, including those for grinding. 
Values of uw involve only such easily measured quantities as the mean tangential 
force on the tool and the rate of metal removed. 

It is found experimentally that the shear strain (y) in a chip is approximately 
independent of its size, and for steel chips this strain will be about 3. If we assume 
the friction energy per unit volume (u,) to be half the total energy per unit volume 
(uw), as in the case for small chips, the following estimate of shear energy per unit 
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volume (ws) results: 


= on 

i u=> 5 (1) 

Since the shear energy per unit volume is the product of mean shear stress (7) and 
shear strain (y), we have 


7 = ~ = . (2) 


Thus, if the values of Figure 2 are divided by 6, we have an estimate of the mean 
flow stress that obtains during cutting. The value of wat point A is‘seen to be 12 X 
10° inch-pounds per cubic inch, and hence the corresponding value of 7 is 2 & 10° 
psi. 

While this is a very large shear stress compared with values normally associated 
with mild steel for the same strain (about 0.07 X 105 psi), it corresponds closely with 
estimates of the strength a steel specimen should exhibit if free of all lattice im- 
perfections. The best estimate of the theoretical strength of metals® is G/27, where 
(7 is the shear modulus of the metal. For steel @/2z is about 1.9 & 108 psi. 

The interpretation placed on Figure 2 
is that to the left of point A the par- 
ticles removed are so small that the 





r 4 
probability of finding an imperfection is 
insignificant, and hence the flow stress z 
corresponds to the theoretical value. e 
When the particle size exceeds that of | 
point A, the probability of finding im-  ° 
perfection within ‘the defermed volume = 5 
increases, and hence the flow stress de- — & | 
creases. For large values of ¢ the flow 10 10 1" 1o- 107" 


stress is seen to become essentially inde- eee a 


pendent of specimen size. In the design Fic. 2.—Variation of energy per unit vol- 

, : aS ~~ E ume of metal cut (w) with depth of layer re- 
of many engineering structures the vol-  jioved (t). Material, mild steel. 
ume of metal to yield initially is so 
large that the flow stress may be considered a constant of the material, independent 
of specimen size. 

To check the foregoing interpretation of Figure 2, steel specimens exhibiting 
a wide range of indentation hardness obtained by heat treatment were ground. 
When particle size was to the left of point A, no difference in wu was detected with 
change in hardness, but when particle size exceeded that corresponding to point 
A, the values of u for hard specimens were clearly greater than those for soft speci- 
mens.® If the horizontal region of Figure 2 were to correspond to conditions to give 
full theoretical strength, no difference in 7 (or u) should be expected with hardness, 
since @ is independent of specimen hardness. 

Other Indications of a Size Effect.—The idea of an increase in strength with a de- 
crease In specimen size is not new. Griffith’ observed tensile strengths as high as 
0.5 X 10° psi when freshly drawn glass fibers 100 microinches in diameter were 
tested in bending, while the strength of similar specimens 4,000 microinches in 
diameter was but 0.05 X 10~* psi. Similar results have been observed more re- 
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cently for ductile tin by Herring and Galt,’ who tested fibers about 70 microinches 
in diameter in bending, to find a yield stress in excess of 70,000 psi, which is over 20 
times the tensile strength of tin in bulk. 

Beams and his associates? have measured the increase in tensile strength (hoop 
tension) of silver films with decreased film thickness by spinning steel pins at in- 
creasing speed until the electrolytically deposited layer of silver was caused to rup- 
ture. While these results are somewhat 
clouded by the adhesive force between 
silver and steel, when a suitable corree- 
tion for adhesion is made a clear increase 
in film strength with decreased thickness 
is observed. At a film thickness of 10 
microinches the tensile strength is esti- 
mated to be as high as 590,000 psi, 
which is over 30 times the bulk strength 
of silver and within a factor of 4 of the 
theoretical value of tensile strength 
(2G/27). 

In engineering there are a number of 


NO. 


KNOOF 


places where a similar size effect is opera- 
tive. In brazing studies, layers of metal 
(0.002-0.003 inch thick are found to have 
tensile strengths that are from 2 to 3 
= times the strength of the braze metal in 
=! i bulk.!° 
a, microns In friction theory!! the friction force 
Fic. 3.—Variation of Knoop microhardness (/’) for dry metals in sliding contact is 
(kg/mm*) with depth of impression (4) in helieved to be due to the resistance of- 
microns, produced by loads on the indentor 
of varying magnitude. fered by minute welds that form over 
the real area of contact (Ap). On the 





° 





other hand, the real area of contact is proportional to the normal load (\V), the 
hardness of the metal (#7) being the constant of proportionality. According to 
this view, the coefficient of friction becomes 


F -+#,A, Ts 


aa Ts (3) 


j= 
where 7, is the stress necessary to shear the metal across the real area of contact 
(Ap). Now hardness H is also a shear stress, which should be expected to be 2 or 3 
times r, if the metal were homogeneous with regard to’strength. While this would 
lead us to expect values of f for clean surfaces to be about 1/2, actual values of f in 
excess of 10 have been observed. The difficulty is thought to lie in the fact that 
7, is associated with a much smaller volume than is H, and hence the material should 
not be considered to be homogeneous with regard to its characteristics of flow. 

If fine grooves are ruled on a steel surface and a hard sphere is pressed into the 
surface to a depth corresponding to about 100 times the groove height, the grooves 
at the bottom of the impression will still be evident, only their tips having been 
flattened. In this case the small volume of metal between grooves exhibits a greater 
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flow stress than the metal in bulk, and hence the metal will flow beneath the ball in 
preference to flowing into the grooves near the surface. 

An increase in microhardness is observed with decreasing load when the depth of 
penetration of the indenting diamond is very shallow (Fig. 3). This is to be ex- 
pected if flow stress varies with the volume of specimen deformed. 

The size-effect concept has also been applied to the interpretation of materials 
tests data.!2 Whenever a Specimen is loaded so that there is a gradient of stress 
across the specimen (torsion, bending), the specimen will first yield in a thin layer 
close to the surface where the stress is a maximum. ‘The thickness of this zone of 
initial yielding will depend on the steepness of the stress gradient at the surface. 
The steepness of gradient will be greater for a small specimen, and the layer of 
initial yielding will be thinner. The yield stress of a small specimen subjected to 
a stress gradient should therefore be expected to be greater than that for a large 
specimen, due to the size effect. This is found to be the case when yield data are 
examined for torsion specimens ranging from 0.1 to 1 inch in diameter. ‘Tensile 
specimens in the same size range fail to reveal a size effect, since the stress in such 
specimens is uniformly distributed at the yield point, and initial yielding occurs 
across the entire specimen. 

Comminution.—The observations stemming from Figure 2 may also be applied to 
the grinding process known as ‘‘comminution,” in which normally brittle materials 
are pulverized as in a ball mill.!* In this field it has been customary to measure the 
energy required to increase the surface area of the charge. For nearly one hundred 
years the increase in area was thought to be of fundamental importance in com- 
minution, and Rittinger is responsible for the most popular empirical energy re- 
lation which states that the energy required to grind a given charge (Up) varies di- 
rectly with the change in its surface area (A, — A,). Thus, 

Ur = Ki(A2 — Aj). (4) 


Another empirical rule of comminution is that of Kick, which states that the energy 
required to grind a charge (U,) is proportional to the volume ground (J’) and inde- 
pendent of the number or size of particles produced. Thus 

U, = KV. (5) 


For many years the rules of Rittinger and Kick have been debated, some data ap- 
pearing to fit one rule more closely than the other. 
If both sides of equation (4) are divided by the volume of charge (1’), we obtain 


Ur Ao =) ( ‘) 
= =k ~ =k a : 
UR y’ 1 C y’ 1 lo i,/? (6) 


where ¢, and ¢; are mean particle sizes corresponding to A»/V and A,/V. Equation 
(6) may be rewritten as a definite integral equation, which upon integration yields 
ky a 
Un = + U0, (7) 
t 
Where uw is the constant of integration. This equation is seen to correspond to the 
portion of Figure 2 to the right of A. 
If both sides of equation (5) are divided by V, 
U; 


uy = \’ = ko, (S) 
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which is seen to correspond to the portion of Figure 2 to the left of A, as well as the 
region for large values of ¢. 

From Figure 2 Kick’s rule would appear to hold for very small powders or very 
coarse particles, while Rittinger’s rule would appear to be a better approximation 
for particles of intermediate size. Since most data in the literature are for the size 
range corresponding to Rittinger’s rule, it is evident why this rule has been most 
widely accepted. 

Rittinger believed the energy of comminution to be associated with the formation 
of new surface and for this reason expressed his rule in terms of surface area. Mod- 
ern values of surface energy show clearly that less than | per cent of the energy of 
comminution goes to provide new surface. Kick’s rule was based upon a critical- 
strain-energy-to-fracture concept that has also been shown to be incorrect. De- 
spite the fact that both rules are based on false concepts, they are in agreement 
with experimental data. In discussing Figure 2, we have placed the emphasis on 
particle size rather than on area, and it would therefore appear preferable to ex- 
press Rittinger’s rule in terms of particle size (eq. {7]) rather than in terms of area. 
The reason the rules of Rittinger and Kick agree with experiment despite their false 
basis lies in the fact that a simple relationship exists between the size and the area 
of a particle in the case of Rittinger’s rule and between the size and the volume of a 
particle in the case of Kick’s rule. The important lesson that this example teaches 
is that experimental verification of an end-result does not necessarily constitute 
a verification of the assumptions and reasoning leading to this result. 

In the foregoing discussion of com- 
minution two points were passed over 
without comment. ‘These involve the 
questions of where the energy actually 
goes if not into the surface and of why 
the data for a ductile metal (Fig. 2) 


Fic. +.—Impressions made in marble with a 


may be used in the discussion of the diamond indentor under loads of (a) 15 gm., 
comminution of a normally brittle oy Henne gm., and (c) 5 gm. Magnification 
; 200 X. 


material. It should first be mentioned 

that brittleness, like flow stress, is 

largely a function of specimen size. Although marble is one of our most. brittle 
materials in normal size (particles > 0.1 inch), it is extremely ductile when the 
effective specimen size is small. This is illustrated in Figure 4, where diamond im- 
pressions in marble are shown. ‘The impressions at A and B show eracks, while 
that at C for the lightest load is free of cracks. 

Now materials, such as marble, that are perfectly brittle in ordinary size are 
quite ductile in the size range normally involved in comminution. It is for this 
reason that cutting data for metals is so similar to comminution data for normally 
brittle materials. As in metal cutting, the energy associated with comminution 
will be divided between the shear and friction processes, and a negligible amount of 
energy will be involved in the formation of new surface area. 

1M. B. Bever, E. R. Marshall, and L. B. Ticknor, “The Energy Stored in Metal Chips during 
Orthogonal Cutting,” J. Appl. Phys., 24, 1176 (1953). 

2M. C. Shaw, J. D. Pigott, and L. P. Richardson, ‘‘The Effect of the Cutting Fluid upon Chip- 
‘lool Interface Temperature,” 7T'rans. A.S.M_E., 73, 45 (1951). 
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ON THE ROTATION OF GRID LINES PRODUCED BY THE FORMATION 
OF PLASTIC BANDS IN TENSION TESTS 


By T. Y. THomMas 
NAVAL RESEARCH LABORATORY, WASHINGTON, D.C. 


Communicated March 10, 1954 


|. Preliminary Remark.—Suppose that a rectangular grid is drawn on the flat 
side of a thin bar, e.g., a sheet of aluminum alloy, before its subjection to the usual 
tension test. This involves the application of a tensile force sufficient to cause the 
formation of a plastic or slip band, after which the tension is immediately released. 
In Figure 1 we have shown the plastic band and have given a rough indication of the 
displacement or rotation of the grid lines in this band when one of the families of the 
original grid lines has the direction of the applied tension. 

[t is the purpose of this note to determine the rotation of the grid lines in the plas- 
tic band on the basis of the solutions of the plasticity equations contained in our 
two previous papers (these ProcEEDINGS).' In doing this, we have limited our at- 
tention to the solution under the von Mises yield condition for incompressible 
material and to the case I solution under the von Mises yield condition for com- 
pressible material, since these solutions give directions for the plastic band which 
are in fairly good agreement with experiment. A comparison of the calculated 
values of the angular rotation of the grid lines in the plastic band with the values of 
this angle obtained by experiments at the Naval Research Laboratory is given in 
the last section of this paper. 

2. The Elastic Displacement.—Reference should be made to the above-mentioned 
papers! for notations and designations, including the construction of the x and y 
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co-ordinate systems which will be used in the following discussion. Relative to the 
x-system, the elastic displacement x — x’ can be represented by 


Xx’ = (1 — Bv)21; Xo! = (1 a B) 22; x,’ => (1 = By) x, (1) 


where v is Poisson’s ratio and 8 = 7/F, in which F is Young’s modulus and + is the 
yield tension. 

Now consider the planes P;’ and P,’, bounding the portion of the elastically dis- 
placed material which is destined to go into the plastic state. The traces /;’ and J,’ 
of these planes on the x, 2»-plane will have equations of the form 


to’ = (tan @)z,’ + d. (2) 


Points on the lines /;’ and J)’ can be thought of as originating from points on lines 
1, and /s, respectively, in the 2, 22-plane, where the equations of these latter lines are 
obtained from equations (1) and (2). This leads to the equations 


to = (tan w)x, + : ’ tan w = (5+*) tan 6, (3) 
L+ L-+ 
for /; and l,; for definiteness we suppose that the plus sign in equations (2) and (3) 
corresponds to the lines /,’ and /,, and the minus sign in these equations to the lines 
l,’ and ly. It is seen from the second 
ELASTIC equation (3) that w < 6, since the coeffi- 
cient of tan @ in this equation is obviously 
positive and less than unity. 
3. The Plastic Displacement.—To set 
up the equations for the plastic displace- 
ment «— & corresponding to equation (1), 
we must have recourse to both the x and 
the y co-ordinate system. The part of 
ELASTIC this displacement perpendicular to the flat 
side of the bar is similar to that given by 
the third equation (1), i.e., it is given by 
F; = (1 — Byv)a3. It suffices, therefore, to 
consider the plastic displacement within 
the 2, 2-plane. For this purpose we 
first write the equations which give a 
point transformation or rotation «>? 
through the angle 6 — w about the origin of the x, x2-plane, namely, 





Fig. 1 


A 


= 21 cos (0 — w) — 22 sin (0 — w), | 


~ 


(4) 
= x, sin (@ — w) + 2 cos (6 — w). | 


=> 
te 


The point 2 in the 2), x2-plane has co-ordinates y;, #2 in the y-system, as given by the 
equations 


ro 


%, = y1 cos 6 — yo sin 8; nm = yy sind + y cos 8. (5) 


We shall also need the equations for the transformation inverse to equation (5), 
namely, 
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Yi = 2% cos 6 + Xe sin 6; Yo = —2&, sin 0 + xe cos 6. (6) 
The remaining part of the plastic displacement in the 2;, .2-plane is now given, rela- 
tive to the y-system, by the equations } = y; + ay. and J, = (1 + b) yo, where the 
constants a and 6 are defined in our previous notes! for the incompressible and com- 
pressible material under consideration. Now 

i = % cos 6 — Je sin O; Eo = J, sin 0 + Fe cos 8, 
where Z, & are the co-ordinates of the displaced points 2), 22 in the original .x-system. 
Hence 


I| 


uy 


(yi + ay2) cos 6 — (1 + b)y2 sin 8, 
Xs (y1 + ay2) sin 6 + (1 + b)ys cos 8. 


(7) 


Eliminating the co-ordinates y from equation (7) by means of equation (6) and the 
co-ordinates X which are thus introduced by means of equation (4), we arrive at the 
equations giving the plastic displacement « — & relative to the x co-ordinate system. 
We thus obtain 


#, = [cos (@ — w) — (a — b tan 6) cos 6 sin w| x, 
— |sin (@ — w) — (a — b tan @) cos @ cos w] 2», | 
i = [sin (@ —'w) — (a tan d+ 0b) cos @ sin w| x; 
+ [cos (@ — w) + (a tan 6 + b) cos 6 cos w] 22. 


(3) 


A straight line in the 2, 22-plane is transformed into a straight line in this plane 
by the plastic displacement (8). In particular, the line x. = const. goes into a line 
whose slope, mz, is given by 
sin (6 — w) — (a tan 6 + b) cos 6 sin w 
cos (@ — w) — (a — b tan @) cos Osin w 
Similarly, the line 2; = const. is displaced into a line having slope 

cos (8 — w) + (a tan 6 + b) cos 6 cos w 


iy : . (10) 
—sin (@ — w) + (a — b tan @) cos 6 cos w 


1, Relations between Angles._We now determine certain relations between the 
angles @ and w for use in the following discussion. First eliminate the quantity tan w 
from the identities 

tan w | 


aa = — : COS w@ = ’ 
Vi+ tan? w Vio+ tan’? w 


using the substitution given by the second equation (3). This leads to the following 
relations 


(1 — Br) tan @ 


SID Quis 7 ’ (11) 
V (1 + 6)? + (1 — Br)? tan? 0 
l 
COs Ww = = B (12) 


V (1+)? + (1 — Br)? tan? 0 
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Then, from equations (11) and (12) and the formulas for sin (@ — w) and cos (@ — w), 
we find 

: 1+ v)B sin 6 

sin (@ — w) = — ( ’ (18) 
V (1 + 6)? + (1 — Br)? tan? 4 
[1 + 6+ (1 — Br) tan? 6| cos 0 
V (1 + 8)? + (1 — Br)? tan? 6 
Some simplification of these formulas can now be derived from the fact that 8 is a 
small quantity whose square can be neglected in comparison with terms of lower 


(14) 


cos (@ — w) = 


order. This enables us to write 
sin w = sin O{1 — (1 + »)6 cos? 6], (15) 
cos w = cos 6[1 + (1 + »)B sin? 6], (10) 
in place of equations (11) and (12). Similarly, equations (13) and (14) cau be re- 
placed, respectively, by 
sin (@ — w) = (1 + v)@ sin 6 cos 8; cos (89 — w) = I. (17) 
The constants a and b are small quantities of the order of magnitude of 8. Hence, 
if we make the substitutions (15), (16), and (17) in equations (9) and (10), we find 
that these latter equations can be written 


my = sin 6 cos 6 [(1 + v)B — (a tan 6 + b)], (18) 


l 
- = sin 6 cos 6[(1 + »)B — (actn 6 — b)]. (19) 
my, 


5. Incompressible Case.—For this case we have tan 6 = 1/V 2, b = v8, and a = 
2V2v6. Hence, from equations (18) and (19), we find 


(l —- 2v)8 os L 


V2 my 


Mm, = (20) 
Hence the above lines, having slopes m, and ms, are perpendicular. 

From equation (2) it follows that the distance D’ between the two planes, P; 
and P,’, of section 2, above, is 2d cos 6. But these planes originated, by the elastic 
deformation, from planes in the unstrained state which are represented by equation 
(3) and whose distance apart is equal to 2d cos w/(1 + 8). It follows, therefore, 
that the distance D of the planes P; and P, into which the above planes, /;' and 
P,', are respectively displaced by the formation of the plastic band has the value 


dcosw | d cosa 
2 a b). 
i i+ #s 
Let us now consider the ratio (D — D’)/D’, which represents the increase per unit 
length in the width of the band relative to the elastic state at the yield point. Call 
this ratio the “band elongation,’’ and denote it by the symbol B,. We now have 
1+ bcos w 1+ 0b) 


-~l= (1 + (1 + »)B sin? 6] — 1, 


B= - ; 
1+ 8 cosé b+ #s 
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when use is made of equation (16). Neglecting terms of higher order than 8, we 
find that B, has the value —2(1 — 2v)3/3. Hence B, < 0, since v< 1/2. But this 
means that there is a contraction in the length of the band on transition to the plastic 
state.” 

By means of the above formulas, one can easily determine the magnitude of the 
slip along the planes of separation of the plastic band and the elastic parts of the 
bar, as well as the exact values of the components of the tensors of strain and stress 
in the plastic band. However, this will not be done here, since it is not needed for 
the problem under consideration. 


6. Compressible Case.—Here tan 6 = Vv, a = 2+/r8, and b = (1 — »)B. 
Hence, from equations (18) and (19), we find m, = Oand 1/m; = 0. In other words, 
there is no initial rotation of the grid lines in the plastic band. 

Let us now use the above values of the quantities a, b, and tan @ to determine the 
exact relations (8) for the case under consideration. Availing ourselves of equa- 
tions (15), (16), and (17) in this connection, we find that (8) becomes identical with 
the elastic displacement (1) in the 2, 22-plane when terms involving 8? and higher 
powers are neglected. Hence the elastic and plastic displacements are equal to within 
the above order of approximation. In particular, the band elongation, defined in 
section 5, will be zero,? as well as the magnitude of the slip along the planes of sep- 
aration of the plastic band and the elastic parts of the bar. 

7. Lffect of Unloading.—According to Hill,* plastic regions, from the standpoint 
of the von Mises theory, must remain perfectly rigid after removal of all applied 
forces, since there is no provision in this theory for an elastic component of strain. 
Let us adopt this point of view in this discussion. Now we observe from section 2 
that in the elastically strained bar the family of parallel planes /; perpendicular to 
the 2, 2»-plane, whose traces on this latter plane have an inclination 8, is displaced, 
when the tensile force is removed, into a family of parallel planes /, such that the 
planes of the family F, are likewise perpendicular to the 21, x2-plane and have traces 
on this plane of inclination w related to the angle @ by the second equation (3). The 
remaining part of the elastic displacement x’ 
garded as a displacement of points within the planes of the family 7. Hence, if 


— x given by equation (1) can be re- 


the elastic regions of the bar were perfectly free to slip along the planes separating 
these regions from the plastic band, following removal of the tension the band would 
be rotated in a rigid manner, in accordance with the above assumption, through an 
angle 0-w, clockwise about the 23-axis, while each of the elastic parts of the bar would 
undergo the displacement described above to within a rigid motion in the direction 
of the tensile force due to the rigidity of the plastic band. From this displacement 
Wwe can obtain the position of the particles after unloading, when no slipping is as- 
sumed to occur, by imposing an additional displacement of the particles along the 
final position of the planes of separation of the plastic band and the elastic parts 
of the bar. This involves the solution of purely elastic boundary-value problem. 
The solution of this problem for a plastic band of assumed width, which is deter- 


mined by the constant d in equation (2), gives rise to the groove in the bar which is 
commonly observed after unloading. 

In the problem which is here under consideration, we are concerned only with the 
fact that the plastic band is rotated in a rigid manner through an angle 6-w in a clock- 
Wise direction as a result of the unloading. Hence the lines in the plastic band of 
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slope me, given by equation (20) before unloading, will have, after unloading, the 
inclination 


_ 9» 
0; = tan ke — ee | Oe), (21) 


Thus the grid lines on the flat side of the bar which were originally perpendicular 
to the direction of the tensile force have an inclination Q; within the plastic band 
after unloading, for the case of incompressible plastic material. Similarly, for com- 
pressible plastic material for which m. = 0, as shown in section 6, these grid lines are 
deflected through the angle 

Q, = —(0 — w). (22) 


In the following section we shall compare some calculations based on formulas 
(21) and (22) with actual measurements of angular deflections of grid lines in the 
plastic band. 

8. Calculated and Experimental Results —In Table 1 we have shown the results 
of tests made at the Naval Research Laboratory on four specimens of 24-ST4 


TABLE 1 


a i t AT p 
Specimen (Rad.) (Inches) (Inches) (T -v AT/T (Deg.) 
l 0.1165 0.168 0.150 0.018 0.107 31.3 
2 .0225 118 £6 .003 .025 30.6 
3 .0233 118 .116 .002 O17 32.6 
4 .0304 118 116 .002 O17 33.0 


aluminum. Alcoa gives the following data for this material: Poisson’s ratio » = 
.33, Young’s modulus # = 10,500,000 lbs/in.?, and the yield stress r = 48,000 
lbs/in.*. The first column in this table contains the angle 2 

; through which the original grid lines 2. = const. are rotated within 
the plastic band; this angle represents a rotation in the clockwise 
direction, as indicated in Figure 1... The second column gives the 
thickness, 7’, of the unstressed bar, and the third column the 
contracted thickness, ¢, of the plastic band after unloading, as 
shown in Figure 2. In the last column we have shown the meas- 
ured values of the inclination @ of the plastic band, although the 
experimental values of this quantity are not used in the discussion 
t+ Using the above values of v, #, and 7, we find that 8 = .00457 
and v6 = .00151. Now the quantity v8 was taken as the con- 
traction per unit length in the thickness of the plastic band, in 
order to satisfy in a simple way the boundary conditions over the 
free surface of the band. But the actual value of this contraction 
is greater than or equal to the values of A7'/T in the table and is 
Fic. 2 exactly equal to these magnitudes under the assumption that the 
plastic band remains rigid during unloading (see sec. 7). The 

discrepancy here encountered between our theory and experiment is so great that 








the theory is obviously not acceptable. 

When we substitute the values of 8 and v@ in the second equation (3) and use 
this equation to determine w, we find that the difference between the values of 6 and 
w is negligible; this is true for both the incompressible and compressible cases under 
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discussion. Hence the effect on the inclination of the grid lines due to rotation 
through the angle @-w as the result of unloading (sec. 7) can be neglected. But 
this means that the theory gives no appreciable rotation of grid lines in the plastic 
band for the compressible case from equation (22). For the incompressible case we 
find from equation (21) that the rotation is likewise so small as to be negligible in 
comparison with the experimental results. 

We have here an example of a simple and mathematically correct theory which 
fails completely to explain the experimental facts. The discrepancies encountered 
with experiment could not have been predicted on purely theoretical grounds. — It 
seems quite clear, however, from a consideration of the column headed A7'/7’ in 
Table | that the primary difficulty lies in the value assigned by the theory to the 
quantity b for incompressible material and to the corresponding quantity c for com- 
pressible material.! This matter will be discussed in a forthcoming communica- 
tion, and a modification will be proposed which gives results in satisfactory agree- 
ment with the data in Table 1. 

1T. Y. Thomas, “On the Inclination of Plastic Slip Bands in Flat Bars in Tension Tests” and 
“The Effect of Compressibility on the Inclination of Plastic Slip Bands in Flat Bars,” these PRo- 
CEEDINGS, 39, 257-273 (1953). 

? A nonpositive value of the band clongation may not be in agreement with the experimental 
fact. However, this situation is remedied by the modification of the theory proposed at the end 
of see. 8. 

3 R. Hill, Vhe Mathematical Theory of Plasticity (Oxford: Oxford University Press, 1950), p. 39. 


ENVIRONMENTAL MODIFICATION OF HETEROSIS IN| DROSOPHILA 
PSEUDOOBSCURA* 


By TH. DoBzHANSKY AND N. SPASSKY 
DEPARTMENT OF ZOOLOGY, COLUMBIA UNIVERSITY, NEW YORK 
Communicated April 19, 1954 


Recent work in population genetics has shown that the selective forces which 
operate in many natural populations are greater than classical evolutionists were 
inclined to assume. It is not surprising to find strong selection acting against dele- 
terious mutants which produce hereditary diseases or malformations. However, 
permanent and “normal’’ constituents of some natural populations which display 
balanced polymorphism are likewise maintained by selection of the order of 0.1-0.8. 
Natural selection of this magnitude can be observed in nature and can be dealt with 
in laboratory experiments. Experiments of this sort have disclosed a further fact 
ofinterest: The adaptive values of some genetic components of natural populations 
are remarkably sensitive to environmental changes. A genetic variant which is 
deleterious under some conditions may become useful under only slightly altered 
conditions, and vice versa. 

The chromosomal polymorphism in natural populations of Drosophila, particularly 
of Drosophila pseudoobscura, yields itself admirably to experimental study. Most 
experiments have been made with laboratory populations which contain chromo- 


yo 


somes with ST (Standard) and CH (Chiricahua) gene arrangements kept at 25° C. 
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If the chromosomes are derived from the population of the same geographic local- 
ity, the ST/CH heterozygotes are usually heterotic, i.e., »daptively superior to the 
ST/ST homozygotes, and the latter are in turn superior to the CH/CH homozygotes, 
Because of this heterosis, the experimental populations reach a genetic equilibrium, 
at which ST chromosomes are more frequent than CH chromosomes. However, 
Wright and Dobzhans‘cy! found that, while the above result is obtained at 25° C,, 
the populations kept at 16° C. retrain the frequencies of ST and CH present at the 
start of the experiment, generation after generation, with little or no change. It 
follows that, within the limits of experimental errors, the adaptive values of the 
karyotypes are similar at 16°. Spiess? has shown that in the related species, D. 
persimilis, certain structural heterozygotes exhibit heterosis at 16° but not at 25°. 
It is relevant in this connection that D. perst.nilis is characteristically an inhabitant 
of cooler climates than D. pseudoobscura. 

Da Cunha* tested the effects of nutritional variables on heterosis in D. pseudo- 
obscura. He worked with laboratory population cages containing ST and CH 
chromosomes, and he fed them on seven different species of yeasts and on two spe- 
cies of bacteria, in addition to the Saccharomyces cerevisiae (Fleischmann’s yeast) 
with which most other experiments were done. He found that the adaptive values 
of the karyotypes varied considerably with the microérganism employed in the 
food. Most interesting is the fact that, with two of the yeasts and with the bae- 
teria, the ST (CH heterozygotes no longer exhibit heterosis. "The ST chromosomes 
tend to reach fixation, and CH chromosomes to be eliminated. The experiments 
of Da Cunha were preliminary in character, since he maintained his populations 
for periods of a few months only. The experiments to be described below represent 
an extension of the work of Da Cunha. 

Material and Technique.—The initial material of our experimental populations 
consisted of /,; hybrids between twelve strains homozygous for ST and twelve 
strains homozygous for CH. These strains were isolated from the population of 
Pinon Flats, Mount San Jacinto, California, by D. F. Mitchell and were kindly 
placed by him at our disposal. The same strains were used also in the experiments 
of Dobzhansky and Pavlovsky‘ and of Levene, Pavlovsky, and Dobzhansky.’ The 
populations started, then, containing equal proportions, 50 per cent, of ST and CH 
chromosomes in their chromosome pool. The population cages used were of the 
type previously described." * The cages were kept either in incubators at 25° and 
21° C. or in a constant-temperature room at 16° C. The relative humidity in the 
incubetors is lower than in the room, necessitating periodic irrigation of the cups 
with developing larvae by a yeast suspension. Such irrigation was practiced also 
at 16°, though at less frequent intervals. 

Two species of yeasts were used, namely, Zygosaccharomyces dobzhanskii Shehata 
ond Kloeckera apiculata (Lindner) Dvornik (Syn. Kloeckera magna [De Rossi] 
Janke). Weare obligated to Professor H. Phaff, of the University of California, for 
the correct names of these yeasts. They were originally isolated from the contents 
of crops of Drosophila colleced in nature* and were maintained in our laboratory on 
slants. The technique of feeding the experimental populations described by Da 
Cunha’ was followed in our experiments as precisely as possible. This technique 
does not guarantee that a single species of microdrganism develops in the nutrient 
medium on which the flies feed, but it does insure that the desired microérganism 
will at all times be present in that medium. 
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The average length of a generation of D. pseudoobscura in the population cages is 
approximately 25 days at 25°, 30 days at 21°, and 37 days at 16° C. The samples 
were taken in all populations at intervals somewhat longer than a generation in the 


early stages and of about two or three generations later on. [ach sample consisted 
of 300 chromosomes (150 larvae) taken in six subsamples on as many successive 
days. : 

Experiments at 16° C.—The population cages Nos. 99 and 101, fed on Zygosazcha- 
romyces, and Nos. 100 and 102, fed on Kloeckera, were placed in the constant-tem- 
perature room at 16°. The initial populations contained, as stated above, equal 
numbers of ST and CH chromosomes (50 per cent of each). Samples taken 50 and 
100 days after the start gave the results reported in the three upper rows of Table 1. 
No change in the frequencies of the chromosomes was observed. Testing the eight 
samples for homogeneity gives a chi-square of 8.31, which, for 7 degrees of free- 
dom, corresponds to a probability of about 0.4. The mean frequency of ST chro- 
mosomes in the eight samples. is 49.29 per cent, which is well within the expected 
range of deviations from the initial frequency of 50.00 per cent. It should be re- 
‘alled that Wright and Dobzhansky'! and Dobzhansky’ observed no changes in the 
frequencies of ST and CH chromosomes in populations fed on Saccharomyces cere- 


TABLE 1 


FREQUENCIES (PER CENT) OF STANDARD CHROMOSOMES IN POPULATIONS STARTED AT 16° C. AND 
CONTINUED AT 21° C., 


TIME l Zygosaccharomyces Kloeckera 
(Days) (deg C.) No. 99 No. 101 No. 109 No. 102 
0 16 50.0 50.0 50.0 59.0 
50 16 16.7 18.0 18.0 17.0 
100 16 49.3 55.7 §2.3 17.3 
$2 21 64.3 64:3 62.7 58.0 
(i: 21 68.0 12.3 66.0 67.0 
135 21 12:3 73.3 taut 41:3 
215 21 79.0 82.0 83.0 72.0 
255 21 80.3 86.0 76.3 7a.0 
355 21 86.0 88.7 (9.8 tia 
415 21 90.3 90.7 76.0 77.0 
175 21 94.0 93.7 
535 21 95.3 95.7 


visiae and kept at 16°. In these older experiments the results did not depen] upon 
the initial frequencies of ST and CH in the populations, thus proving that the 
adaptive values of the three karyotypes were sufficiently close to equality to produce 
no appreciable alteration in the composition of the populations within the time in- 
tervals studied. Da Cunha’ did observe some changes in two populations fed on 
Zygosaccharomyces at 16°. Our results are not necessarily contradictory to his, 
since the initial frequency of the ST chromosomes in our experiments may not be 
far removed from the equilibrium value in the experimental environment. It is 
nevertheless interesting that no changes were observed in our experimental popula- 
tions at 16° for 100 days, which correspond to approximately three fly generations 
at that temperature. Such changes have occurred in similar populations at higher 
temperatures. 

Experiments at 21° C.—Population Nos. 99-102 were transferred to an incubator 
at 2] * after they had lived for 115 days at 16°. The chromosome frequencies found 
in the last sample (100 days; see Table 1) at the lower temperature may, then, be 
treated as the initial frequencies with which these populations sterted their life at 
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21°. Subsequent samples were taken at 42, 75, 135, 215, ete., days after the trans- 
fer to the higher temperature (Table 1). 

The alteration of the temperature resulted in rapid genetic changes in all four 
populations. As shown in Table | and Figure 1, the frequencies of ST chromosomes 
rose from 50 per cent to about 70 per cent in 135 days (about four and a half gener- 
ations). The subsequent fate of the populations fed on Zygosaccharomyces was, 
however, quite different from that of those fed on Kloeckera. In the former popula- 
tions, the ST chromosomes continued an uninterrupted increase; a year after the 
transfer to the incubator they reached a level between 85 and 90 per cent, and they 
reached a level of about 95 per cent when the experiment was terminated, with 
samples being taken around the five hundred and thirty-fifth day. It appears that 


Sc £ fe €& RP A TF + OS oe Ss 
an ee eee ee  -. -* 8 








PER CENT STANDARD 








120 040 300-360 420 480 540 
D A Y S 


Fic. 1.—Frequencies of Standard chromosomes in populations kept at 21°C. White symbols 
= Fed on Zygosaccharomyces; black symbols = Fed on Kloeckera; triangles = Populations Nos. 
99 and 100; circles = Populations Nos. 101 and 102. 


in these populations the ST chromosomes were well on their way to fixation, and 
CH chromosomes on the way to elimination. The last stages of selection are, 
however, so slow that observing them is too laborious. The populations fed on 
Kloeckera (Nos. 100 and 102) reached the composition of about 75 per cent ST and 
25 per cent CH chromosomes some 215 days after the start and failed to show appre- 
ciable further change for 200 more days. They were terminated when 415 days 
old. Here a genetic equilibrium has evidently become established. 

Kxperimenis al 25° C.—Four populations, two of which were fed on Zygosaccha- 
romyces (Nos. 105 and 107) and two on Kloeckera (Nos. 106 and 108), were placed 
in an incubator at 25°. The initial frequencies of the ST and CH chromosomes were 
50 per cent (the parental flies being F, heterozygotes). The results are reported in 
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Table 2 and Figure 2. For about three generations the ST chromosomes rapidly 
increased in frequencies. Later on, the increase became very slow, and equilibria 
became established some six to eight generations after the start. After the 240-day 
samples were taken, the populations were lost owing to an incubator accident. 


TABLE 2 


FREQUENCIES (PER CENT) OF STANDARD CHROMOSOMES IN POPULATIONS Livina at 25° C. 





TIME Zygosaccharomyces Kloeckera 
(Days) No, 105 No. 107 No. 166 No. 108 
0 50.0 50.0 50.0 50.0 
35 60.3 59.7 60.0 60.0 
70 68.7 66.3 68.0 65.3 
105 69.3 72.0 69.0 68.0 
145 68.7 72.0 70.0 66.7 
180 70.7 75.0 68.7 72.7 
240 75.3 tes 71.0 73.0 
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Fig. 2.—Frequencies of Standard chromosomes in populations kept at 25° C. White symbols 
= Fed on Zrgosaccharomyces; black symbols = Fed on Kloekera; triangles = Populations Nos. 
105 and 105; circles = Populations Nos. 107 and 108. 


As shown above, the populations fed on Zygosaccharomyces and on Kloeckera be- 
haved very differently at 21°, fixation of ST taking place in the former and an 
equilibrium being established in the latter. At 25° the populations fed on these 
two yeasts behave similarly. The six pairs of samples, taken from the thirty-fifth 
to the two hundred and fortieth day at 25° (Table 2), show no influence of the 
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difference in nutrition; the chi-square turns out to be 2.81, which, for 5 degrees of 
freedom, has a probability of about 0.75. 

Adaptive Values of the Karyolypes in Different Environments.— The changes ob- 
served in the populations at 21° and 25° permit estimation of the adaptive values 
of the three karyotypes ST/CH, ST/ST, and CH/CH. For this purpose the 
method of computation devised by Wright! can be used, there being no suggestion 
in the data that the adaptive values did not remain constant during the experi- 
ments (see, however, other situations* *®). Taking the adaptive value of the hetero- 
zygotes, ST/CH, to be unity, we obtain the following estimates for the populations 
kept at 21°: 


ST/ST ST/CH CH/CH 
Fed on Zygosaccharomyces 1.01 1.00 0.44 
Fed on Kloeckera 0.79 1.00 0.39 


When fed on Zygosaccharomyces, the adaptive value of ST/ST homozygotes is 
equal to or greater than that of the heterozygotes. Heterosis is, therefore, absent, 
and selection leads to eventual fixation of ST chromosomes in the population. 
When fed on Kloeckera, the heterozygotes are superior to both homozygotes. — This 
heterosis causes the population to reach an equilibrium. For the populations kept 
at 25°, the estimates of the adaptive values are as follows: 


ST/ST ST/CH CH/CH 
Fed on Zygosaccharomyces OFTe 1.00 0.30 
Fed on Kloeckera 0:72 1.00 0.27 
Fed on Saccharomyces 0.89 1.60 0.41 


At 25° the heterozygotes show heterosis when fed on the two yeasts used in the 
present experiments and also when fed on Fleischmann’s yeast (Saccharomyces 
cerevisiae). The estimates for the last-named food are from the work of Dobzhansky 
and Pavlovsky.‘ The figures suggest that the adaptive values of the homozygotes 
are relatively higher when Fleischmann’s yeast is used than when Zygosaccharo- 
myces or Kloeckera is fed, but the differences may or may not be significant. 

Figures 1 and 2 show the course of selection in populations living at different 
temperatures and fed on different food. In these diagrams the continuous curves 
show the changes in the frequencies of ST chromosomes in populations fed on Zygo- 
saccharomyces expected on the basis of the adaptive values of the three karyotypes 
given above. The dashed curves represent the expected course of selection in popu- 
lations fed on Kloeckera. In either case, the thicker line indicates the expected 
values and the thinner ones show the limits of two standard errors above and below 
the expectation. It can be easily seen that the values actually observed (symbol- 
ized by triangles and circles) do not deviate from the theoretical ones more than was 
expected owing to sampling errors. The adaptive values of the karyotypes have 
remained reasonably constant during the course of the experiments; in particular, 
there is no indication in the data that the adaptive value of a karyotype depends 
upon the frequency in the population. It should be noted that changes in the 
adaptive values have been observed in experimental populations obtained by hy- 
bridization of geographic races,* * and interaction of karyotypes affecting their 
adaptive values occurs in some populations including six karyotypes.® 

It is an oversimplification to believe that once a genotype is heterotic it should 


always be heterotic.’ In reality the situation is more complex than this, and the 
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adaptive value of a genotype may vary greatly in different environments. The 
ST/CH heterozygotes are adaptively superior to the homozygotes at 25°; at 21° 
they are superior when fed on Aloeckera but not when fed on Zygosaccharomyces; 
at 16° the adaptive values became uniform on the foods tried (see, however, Da 
Cunha*). Furthermore, an over-all adaptive superiority of a genotype inferred 


from the behavior in populations under selection does not mean that the carriers of 
that genotype should be superior in all physiological characteristics, such as vi- 
ability at different stages of the life-cycle, longevity, fecundity, sexual activity, ete. 
In a given environment a genotype is often superior to another genotype in some, 
but equal or inferior in other, characteristics. The adaptive value, or fitness, is a 
net result of interaction of all the characteristics which affect the transmission of the 
genes from one generation to the next; natural selection is concerned not with these 
characteristics separately but only with the over-all result of their interaction. 

Reproducibility of Results in Experimental Populations.—Epling, Mitchell, and 
Mattoni’ described seventeen experimental populations with different combinations 
of ST, CH, and Arrowhead chromosomes. In some of their populations equilibria 
were established, indicating that the structural heterozygotes were adaptively 
superior to the homozygotes; in others, one of the gene arrangements seemingly ap- 
proached fixation; in still others, an equilibrium was reached and then lost. Ex- 
amination of the data shows, however, that the competing chromosomes were of the 
same geographic origin in only three of the populations, while in fourteen popula- 
tions hybridization of strains of different geographic origin was involved. Now it 
is known that in hybrids between populations of different geographic origin the 
genetic situation is so complex that the results of natural selection may be indeter- 
minate. This has been shown to be the case even for populations of localities only 
some 10 miles apart.» 7° To make a meaningful study of reproducibility of results 
of natural selection, experimental populations of uniform geographic origin must be 
compared. Adequate control of environmental variables is also essential. The 
four pairs of populations reported in Tables | and 2 represent replicate experiments 
that can be compared for this purpose. The results of the comparison are shown 
in the accompanying tabulation. 


Populations Chi-Square Degrees of Freedom Probability 
99 and 191 7.33 8 0.5 
100 and 1°2 13.00 6 0.04 
105 and 107 1.46 5 0.5 
106 and 108 2.04 a 0.7 


The replicate experiments gave similar results, except that No. 100 gave one very 
high value for ST chromosomes on the two hundred and fifteenth day (Table 1). 
Dobzhansky and Pavlovsky‘ studied four replicate populations with ST and CH 
chromosomes fed on Fleischmann’s yeast. Their data yield a chi-square of 29.38, 
which, for 24 degrees of freedom, has a probability of about 0.2. An unpublished 
experiment of Dobzhansky and Pavlovsky, in which two populations with Arrow- 
head and Chiricahua chromosomes were observed simultaneously, gave a chi-square 
of 3.15; for 6 degrees of freedom this has a probability of about 0.8. Combining 
all the above replicate experiments, we obtain a chi-square of 60.11; for 54 degrees 
of freedom this has a probability of about 0.27. If anything, this indicates a sur- 
prisingly good reproducibility for experimental results in which very many variables 
are involved. And yet the adaptive values of the karyotypes are so sensitive to 
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environmental factors that apparently trivial differences sometimes produce large 
effects. In the unpublished experiments of Louis Levine, the populations are kept 
in cages of a type different from ours, which have certain technical advantages but 
which cause the frequencies of some chromosomes to undergo fluctuations which are 
much wider, on the average, than those observed in our cages. As shown above, 
the populations fed on Zygosaccharomyces behave very differently from those fed 
on Kloeckera at 21°, but no difference is noticeable at 25°. 

Summary and Conclusions.—The data reported in this article demonstrate an 
exquisite sensitivity of the adaptive values of certain karyotypes in Drosophila 
pseudoobscura to environmental changes. Third chromosomes with the ST and 
CH gene arrangements derived from the populations of Pifion Flats, California, have 
been used. At the temperature 25° C., the ST/CH heterozygotes are definitely 
superior to the homozygotes in the environment of our population cages and on food 
containing either of the three yeast species tried. Lowering the temperature by 
only 4° to 21°, causes no great change in populations fed on Kloeckera (and appar- 
ently not in those fed on Saccharomyces cerevisiae'), but with food containing 
Zygosaccharomyces the heterosis disappears. The heterozygotes ST/CH are now 
equal in fitness to the ST/ST homozygotes, and both karyotypes are superior to the 
CH/CH homozygotes. A further lowering of the temperature, to 16°, changes 
the situation completely. The heterosis disappears or becomes so weak that no 
perceptible changes in the compositions of the populations occurs within two to three 
generations—a period of time amply sufficient to produce changes if the temperature 
were only some 5° higher. Furthermore, the relative fitness of a given set of 
karyotypes may change appreciably when some of them are eliminated from the 
population or when new karyotypes are introduced in the population.’ 

The biological functions of these exceedingly delicate mutual adjustments be- 
tween the karyotypes are obscure at present. We know that many natural popu- 
lations of Drosophila pseudoobscura undergo seasonal changes in relative frequencies 
of some of the karyotypes. The karyotypes evidently have different ecological 
optima, and the population responds to changes in its habitat by altering its genetic 
structure in conformity with the conditions prevailing in a given place and at a 
given time. This genotypic plasticity is however, combined with a genetically 
controlled homeostasis (Dobzhansky and Wallace” and unpublished data), which 
enables the carriers of a single genotype to become adjusted to a variety of environ- 
ments by means of adaptive phenotypic modifications. Data are accumulating 
that show an intimate relationship between heterosis and homeostasis, at least in 
Drosophila populations. Further work in this field may bridge the gap between 
population genetics and developmental genetics—two branches of the same science 
between which there has been little contact. 


The authors take pleasure in expressing their gratitude to Mrs. O. Pavlovsky, 
who has prepared all the slides of the larval salivary glands on the study of which 
this paper is based. Mr. Louis Levine has diagnosed the gene arrangements in the 
samples which were taken during the summers of 1952 and 1953. Professor H. 
Phaff, of the University of California, and Professor A. B. Da Cunha, of the Uni- 
versity of Sao Paulo, have furnished the strains of the Zygosaccharomyces and 


culture. 





ge 
pt 
ut 
ure 
ve, 
fed 


an 
ila 
nd 
ive 
ely 
od 
by 
ar- 
ing 
OW 
the 
ges 
no 
ree 
ure 
of 
the 


be- 
pu- 
cies 
ical 
etic 
it a 
ally 
ich 
‘on- 
hing 
t in 
een 
nee 


sky, 
rich 

the 
H. 
Uni- 
and 


east 


Vox, 40, 1954 GENETICS: NELSON AND LEDERBERG 415 


* The work reported in this article was carried out under Contract No. AT-(30-1)-1151, United 
States Atomic Energy Commission. 
18. Wright and Th. Dobzhansky, Genetics, 31, 125-156, 1946. 
2 1). Spiess, Hvolution, 4, 14-33, 1950. 
3 A.B. Da Cunha, Evolution, 5, 395-404, 1951. 
'Th. Dobzhansky and O. Pavlovsky, Evolution, 7, 198-210, 1953. 
‘H. Levene, O. Pavlovsky, and Th. Dobzhansky, Evolution, 8, in press, 1954. 
i Th. Dobzhansky, Evolution, 1, 1-17, 1947. 
Th. Dobzhansky, Genetics, 33, 588-602, 1948. 
Th. Dobzhansky and H. Levene, Amer. Naturalist, 85, 247-264, 1951. 
9(, pling, D. F. Mitchell, and R. H. T. Mattoni, Hvolution, 7, 342-365, 1955. 
© Th. Dobzhansky and B. Wallace, these PROCEEDINGS, 39, 162-171, 1953. 


POSTZYGOTIC ELIMINATION OF GENETIC FACTORS IN ESCHERICHTA 
COLI* 


By Tuomas C. NELSONT AND JOSHUA LEDERBERG 
DEPARTMENT OF GENETICS, UNIVERSITY OF WISCONSIN, MADISON, WISCONSIN 
Communicated by R. A. Brink, April 15, 1954 


Segmental Elimination.—Genetic recombination analysis has been related to 
a typical haplobiontic life-cycle in Escherichia coli, strain K-12: the vegetative 
proliferation of the haploid phase alternates with occasional syngamy to form a 
transient diplophase. This, in turn, segregates almost immediately to restore the 
vegetative haplophase,' ? barring rare diploid exceptions.* The exceptional dip- 
loids have been disqualified as representative of the primary zygote on two 
counts: some were homozygous for certain factors, usually heterozygous, and all 
were hemizygous for the factors Maland S. The first peculiarity can be explained 
if the diploids as recovered are not simply unreduced zygotes but nondisjunctions 
of segregant genomes after meiosis. A similar process, accelerated by ultraviolet 
light, also leads to automictic homozygotes from established heterozygotes.* ° 
The second aberration is probably a feature of all crosses in FZ. coli, strain K-12, 
and is reflected in anomalies of segregation and mapping.*~ 

Hemizygosity for the Mal, locus was initially inferred from the finding that dip- 
loids from crosses of Mal,;~ X Mal,+ were invariably pure for this marker, though 
segregating for many others. The types carrying the Mal~ allele were tested fur- 
ther by a reversion analysis® ® which showed that purity for Mal~ represented a 
hemizygous, not a homozygous, state at this locus. That is, the diploids are im- 
perfect, and a segment (or chromosome) including the Mal, locus is represented 
only once, though most of the other genetic factors are of course represented twice. 
The problem is thus narrowed to the contingencies by which the full genetic content 
of both parents fails to be represented in each diploid. Two hypotheses had been 
considered: (1) preliminary exclusion of the segment from a gamete or (2) its sub- 
sequent elimination from a complete zygote previously formed from intact gam- 
etes. The former interpretation, although superficially simpler, was doubted 
from the first because the diploids were invariably hemizygous for Mal but might 
carry the allele from cither one of the two parents. This indicated that, in any 
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cross, gametes carrying either Mal allele were present. No restrictions on com- 
patibility were then known that might account for the failure of zygotes to form 
from two intact gametes. On the other hand, the postzygotic elimination hypoth- 
esis did not explain the unequal proportions of the two hemizygous types. An- 
other factor (S) has since been found to be closely linked to Mal and to share its 
behavior in diploids,® ® and a sexual compatibility system has been discovered! 
The present paper reports evidence on the relationship of elimination of the Mal-S 
segment to the compatability system. In previous reports,® diploids have been re- 
corded which were hemizygous for a Mal allele from one parent, an S allele from the 
other. These amphitypic diploids argued strongly for the attribution of aberrant 
hemizygosity to a postzygotic process, a conclusion also fortified by the data of the 
present paper. 

Compatibility.”: —Sexual interactions in EZ. colt KX-12 are now known to be con- 
trolled in part by the compatibility status of the parents, which is, in turn, under 
joint environmental and genetic control. Different sublines of strain K-12 are 
designated as either ’+ or F~, as determined by the total sterility of F¥~ xX F- 
crosses, other combinations being compatible. The F status is regularly inherited 
within a clone, but, remarkably, it is contagious between clones, F’~ cells Lecoming 
rapidly and permanently converted by mixed culture with +. However, the in- 
fective agent inferred from this epidemiological argument has not been separated 
from the cells despite assiduous efforts. In the absence of experimental support for 
the action of a “virus,” the contagion of F status must be ascribed to an unknown 
mechanism involving superficial contact of the different cell types. 

The compatibility status of the parents has also been found to influence the segre- 
gation ratio of markers in typical haploid progeny. This result may also be re- 
lated to the exclusion or elimination of genetic segments from the rersistent dip- 
loids. Casual evidence’ that the F polarity of the parents determined the direc- 
tion of elimination was the prelude to the present report. It should be noted that 
almost all the crosses cited in previous papers!~*» have involved M~ F*+ X T~L-F- 
parents. The sole exceptions not explicitly labeled involve filial T~L— F* stocks 
which had been remarked® as giving distinctive crossing results before their F 
status was learned. It was not possible to study the role of F in the determination 
of hemizygosity in persistent diploids until an empirical method was discovered in 
this laboratory for the purposeful isolation of F~ “mutants.” 

Experimental Design, Methods, and Materials.—The cross 1A, M~ Het F+ X 
T-L-Th- F-, was compared with the analogous cross 1B, M@- Het F~ X 
T~-L-Th- F+, which differ solely in F polarity. Strict comparability of the parents 
\as insured by deriving the stocks for cross 1B directly from those for 1A: 
M~ Het F~ was secured by the migration method; 7'~L~-Th- F'+ was secured by 
conversion of the corresponding /’~ strain by mixed culture in broth with strain 
K-12. The homogeneous results from separate reisolations of both transformed 
stocks have been pooled. 

The M~ Het parent also carried the markers Lac,;~ Mal,~; the other parent 
carried Lacy~ S’. The Lac markers are very closely linked, permitting balance | 
diploids of the constitution Lac,~ Lac,+/Lac,+ Lac,~ to be isolated as an appreciable 
fraction of the occasional lactose-positive prototrophs observed on cross-plates of 
EMS lactose agar. Media and methods of crossing have been described else- 
where.® !! 
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Diploid prototrophs were confirmed by their persistent segregation on EMB 
lactose agar after repeated single-colony purification. These isolates were then 
tested in replicates on EMB and EMS maltose agar to score their Mal character, 
and by cross-brushing with streptomycin solution, | mg/ml, for S. Many of the 
scores were repeated on the diploids after reisolation on EMS lactose agar with 
unaltered results. 

Results and Discussion—The distribution of Mal and S among the diploids 
from the two types of cross is given in Table 1. For the following discussion type 
“A” will refer to the markers (particularly in the critical region Mal-S) that issue 
from the /~ parent, and type ‘B” correspondingly for the f+. These terms cor- 
respond loosely to Hayes’s usage of “acceptor” and “donor” respectively, terms 
which suffer, however, from unproved connotations of mechanism. Recombinants 
displaying one locus from each parent are called ‘‘amphitypic.”’ 

From Table 1 it will be seen that, with either polarity of F+/F~, about 80 per 
cent of the 618 diploids examined were type A. This result can be equally well 
explained by prezygotic exclusion or by postzygotic elimination of the type B 
markers. None of these diploids (or over a thousand previously isolated-diploids 
from similar crosses) were heterozygous for Mal or S, though for the-majority of the 


TABLE 1 
Die oips, Hemizycous ror Mal, S, rromM Crosses oF REVERSED F POLARIry 
PARENTS DieLoiw PROGENY 
M~ Het 7? i Th 
Lac.~ Laca* Laci* Lacs - -(Prorotropuic Laci* Lacs~/Laci~ Lacs*) -— - 
Mal,~ Ss Mal? Sr Mal? Sr Mal~ Ss Mal~ Sr Val* Ss Total 


Ft x F- 329 (77.6%) 72(17.0%) 16(3.8%) 7(1.6%) 424" 
[ype A ype B Amphi-I Amphi-II 
x P+ 16(8.3%)  164(84.5%)  8(4.1%) 6(3.1%) 194 
Type B Type A Amphi-II Amphi-I 
*In addition, 17 diploids were isolated from a similar cross in which the /* parent was inactivated by strepto- 
mycin as described by Hayes. Sixteen were type A; one was type B. 


isolations these markers were ‘‘unselected” in Hayes’s sense.’ But a fifth of the 
diploids displayed one or more markers from the /*+ parent in hemizygous condi- 
tion.'* The type B diploids are evidence that, despite the regular hemizygosity for 
the Mal-S segment, these markers are not regularly excluded from the /'+ gamete. 
This conclusion relies upon the preservation of the /’+/F~ polarity of the actual 
mating events in authentic relationship to the compatibility character of the 
parent cultures. However, previous exoeriments' have shown that contagion of F 
status does not occur under our conditions of crossing. Table 1 itself excludes 
contagious reversal of polarity, for over 5 per cent of the diploids were amphitypic, 
i.e., the elimination had affected one marker from /’'+, one from /’-. The type B 
and amphitypic diploids thus support the hypothesis of postzygotic elimination. 
To account for the preponderance of type A diploids by an additional exclusion of 
type B markers from the gametes would be supererogatory on all present evidence. 
Table 1 also demonstrates the influence of F polarity on the trend of elimination. 
A possible mechanism for such a conditional control of the polarity of elimination 


Is suggested by the amphitypes, which represent a crossover, prior to elimination, 
Letween markers of the two parents. A locus E on the type B chromosome may be 
postulated '4 which breaks after meiosis to result in the loss of the distal segment or 
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otherwise interferes with normal disjunction. Prior crossing-over between FH and 
the markers will result in a type B; crossing-over between markers will give am- 
phitypes; the noncrossovers will of course be type A. 

The few remaining markers (out of more than 30 studied) known to be eliminated 
in diploids, Hfr, Gal, and Lp, are being currently studied by similar methods, 
Hr is of special interest: as a fixed genetic determinant of compatibility, it might 
be an allele at the # locus itself. However, since elimination occurs in f+ x Ft 
crosses also, in accordance with phenotypic control of compatibility status, it must 
be assumed that the chromosome on which £ will break is determined by its trans- 
mission from an “effective” +, rather than solely by its genetic content. This 
concept is analogous to the elimination of paternal chromosomes in Sciara many 
cell generations after they have intermingled with their genetically equivalent 
maternal mates.’ 

The present data display only one aspect of the difficulties inherent in the theory 
of gametic exclusion. This theory allows for the appearance of type B markers 
among prototrophic recombinants by suggesting that the relevant chromosomes are 
only occasionally included in /*+ gametes.’ To be sure, the likelihood of inclusion is 
not random, so that a proportion of the gametes must, in fact, be intact, but the 
probabilities of different chromosome combinations are not fixed by the theory. 
However, for any pair of linked markers on an “unselected chromosome”’ the com- 
plementary crossover types should occur with equal frequency. This prediction 
has not been upheld in any well-studied situation, and Rothfels’ data on Lac 
and V, show a gross deviation. The theory of prezygotic exclusion of individual 
chromosomes, furthermore, affords no explanation for the gross deviations from 
random segregation of heterozygous markers that are an outstanding feature of 
the diploids*~ and are readily explained by the linkage of these markers to haplo- 
lethal deficient segments. Nor does it account for the regularity with which some 
loci are always hemizygous and others never. Our present conclusion on the cyto- 
genetic structure of H. coli agrees with a linear sequence in certain segments,” © 
but cautions against categorical conclusions of the total chromosome number until 
the mechanism of elimination has been cleared up. _ If, as seems likely, chromosome 
segments rather than intact chromosomes are eliminated, the segregation of any 
near-by factors will be perturbed even if these are not directly eliminated. 

Finally, the mechanical corollary of the pre-exclusion theory, the functioning in 
E. coli K-12 of a virus as a vector of genetic transduction of entire chromosomes, has 
not been substantiated in fact, by contrast with the simple separation from intact 
cells of the viral agent of transduction of genetic fragments in Salmonella." All 
the experimental facts of recombination in 2. coli K-12 are consistent with a mating 
mechanism whereby an entire nucleus from the F’+ cell is transmitted by a cellular 
conjugation to the F~ cell. The first evidence of the presumed physiologica! 
inequality of the parents was Hayes’s demonstration® that F~ cells steeped in 
streptomycin become sexually incompetent, while /'+ cells retain a measure of 
their vitality. 

Summary.—Nondisjunctional diploids from crosses of E. coli, strain K-12, are 
regularly hemizygous for the factors Mal and S, i.e., are heterozygous for a dele- 
tion of this segment. The effect of the sexual polarity of the parents on the polarity 
of the deletion has been studied. About 80 per cent of the diploid progeny of an 
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F+ X F> cross retain the segment from the F’~ parent. However, 20 per cent 
retain one or both loci from the /'*+ parent. It is therefore concluded that the pri- 
mary zygote is intact but that the segment from the /'*+ parent is preferentially 


eliminated by a postzygotic process 


* Paper No. 548 of the Department of Genetics. This work has been supported by grants 
(C-2157) from the National Cancer Institute, National Institutes of Health, Public Health 
Service, and from the Research Committee, Graduate School, University of Wisconsin, with 
funds provided by the Wisconsin Alumni Research Foundation. The following genetic symbols 
are used: (nutritional requirements): 1/7, methionine; 7', threonine; L, leucine; 7h, thiamine; 
(sugar fermentation): Lac, lactose; Mal, maltose; Gal, galactose; (resistance): S, streptomycin; 
Vi, phage T1; and F, compatibility; H/fr, high frequency of recombination; Lp, latent phage 
(lambda prophage); Het, high incidence of nondisjunctional progeny; £, point of breakage and 
elimination. 

t Postdoctoral Research Fellow of the National Cancer Institute, National Institutes of Health, 
Public Health Service. 
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EVIDENCE FOR ACTIVELY ACQUIRED TOLERANCE TO Rh ANTIGENS 


By Ray D. Owen, Haroxtp R. Woop, Atvin G. Foorb, PHILLIP STURGEON,* AND 
L. G. BALDWIN 

KERCKHOFF LABORATORIES OF BIOLOGY AND THE STUDENT HEALTH CENTER, CALIFORNIA INSTITUTE 

OF TECHNOLOGY, PASADENA; INSTITUTE OF MEDICAL RESEARCH, HUNTINGTON MEMORIAL HOSPITAL, 
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Communicated by George W. Beadle, April 16, 1954 


Billingham et al.'! reported that mice and chickens injected as embryos with cells 
from other strains acquired a persistent tolerance to later skin grafts from the 
donor strains. It seemed possible to us that a similar, but naturally acquired, 
tolerance might be in part responsible for the variation in response of Rh-negative 
persons exposed to the Rh antigens.2. The hypothesis to be tested was that Rh- 
negative children of Rh-positive mothers might, as a result of their exposure as 
embryos to the maternal Rh antigen, acquire a degree of persistent tolerance to- 
ward the antigen. Rh-negative children of Rh-negative mothers, on the other 
hand, could have had no similar embryonic exposure and might therefore be ex- 
pected to react more easily upon encountering an Rh-positive antigen in later life. 

We have collected data on the mothers of two groups of Rh-negative women: 
first, those in whom there is no evidence of Rh sensitization within three Rh-posi- 
tive pregnancies and, second, those who have developed evidence of Rh sensitiza- 
tion during or before their third Rh-positive pregnancy. ‘The first group we classify 
as relatively “tolerant”? and the second as relatively “intolerant” to Rh antigens. 
Table 1 lists the Rh types of the mothers of women in these two groups. A simple 
x’ test for homogeneity yields a probability of less than 0.01 that the two samoles of 
mothers could have been drawn by chance from the same population. In other 
words, these data seem to offer good reason to believe that the degree of Rh toler- 
ance displayed by Rh-negative women is indeed related to their mothers’ Rh types. 

A number of cases included in the study have been omitted from Table 1 be- 
cause of uncertainties in their classification. For example, stillbirths or mis- 
carriages of unknown Rh type made it impossible to classify some of them according 
to the criteria of tolerance we have employed. Some of the data that are included 
in Table 1 are open to question on other grounds. Ten of the women were given 
transfusions or injections of blood at some time prior to their third Rh-positive 
pregnancy. Some of these transfusions were with Rh-positive blood, others with 
blood of unknown Rh type, and others probably with Rh-negative blood. Two 
additional women believed that they might have received injections or transfusions 
of blood but were not certain that they had. _ It is difficult to evaluate the number of 
exposures of these twelve women to Rh antigens or to weigh the sensitizing signifi- 
cance of blood injections or transfusions relative to the importance of an Rh-posi- 
tive pregnancy. Table 2 lists the data after the exclusion of all cases in which 
there is a record suggesting that blood may have been transfused or injected. A 
x? test for homogeneity on the data of Table 2 yields a probability of less than 0.001. 
It should be noted that transfusions or injections with Rh-positive blood appear to 
provide a very effective stimulus to Rh sensitization and that a considerable number 
of the Rh-negative daughters of Rh-positive women who fall in the “intolerant” 
class have been stimulated by this route. 
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The data in Table 2 are drawn mainly from two rather different sources. Fifty- 
one cases were studied through the Pasadena Rh Testing Laboratory.’ The 
records of this organization provide unusual opportunities for studies of this sort, 
because over a period of years the sera of Rh-negative women married to Rh- 
positive men have been routinely checked for the development of Rh-antibodies 
during successive pregnancies, and histories have been kept. We can say with 
certainty that the thirty-four Rh-negative women listed as tolerant in this group failed 
todevelop Rh antibodies detectable by the most sensitive modern tests. All of them 
had at least three Rh-positive pregnancies. Similarly, the seventeen women listed 
as “intolerant” in this group are known to have developed Rh antibodies in three 
or less Rh-positive pregnancies; the types and titers of these antibodies are known, 
and the Rh types of the grandmother, the mother and her husband, and the children 


TABLE 1 


Ru Types or Moruers OF Ro-NEGATIVE WOMEN 


WomAN’Ss Moruer’s Type 
CLASSIFICATION Positive Negative TOTAL 
Tolerant 32 8) $1 
Intolerant 27 29 56 
Total 59 38 97 


TABLE 2 


Ra Tyres or trHe Moruers or Rxe-NEGATIVE WOMEN, EXxcLuDING WOMEN TRANSFUSED OR 
INJECTED WITH BLOOD 


WoMAN’S MorueEr’s TypPe 
CLASSIFICATION Positive Negative TOTAL 
Tolerant 32 4) 11 
Intolerant 18 26 44 
Total 50 35 85 


TABLE 3 


tH Types OF THE Moruers OF Ru-NEGATIVE WOMEN (PASADENA Data, BAskp ON ANTIBODY 
DeTERMINATIONS ONLy) 


Woman's Moruer’s Type 
CLASSIFICATION Positive Negative TOTAL 
Tolerant 25 9) 34 
Intolerant | 13 17 
Total 29 22 51 


are known from tests at the same laboratory. There is no record of transfusion 
or injection of blood in any of the cases listed in Table 3, which classifies the data 
from this well-defined group. The numbers are rather small, and Yates’s correction 
for continuity has been applied as an element of conservatism in computing the 
x’ value, which yields a probability of less than 0.01 that the “tolerant” and “in- 
tolerant” groups could have been drawn by chance from a population homogeneous 
with respect to the grandmothers’ Rh types. 

The other major source of data for this study has been the Hematology Clinic 
of the Los Angeles Childrens Hospital. Infants are referred to this clinie when Rh 
difficulties are known or suspected; the occurrence of maternal Rh sensitization is 
assumed with the finding of a positive antiglobulin test in an infant born of known 
Rh-incompatible parents. The basis for the selection of cases for “tolerance” 
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classification in this group is therefore somewhat different from that in the group 
described above. In the Pasadena group, ‘“‘tolerance”’ is classified according to the 
development of detectable Rh antibody, regardless of evidence of effects of such 
antibody on an infant. In the Childrens Hospital group, only women who have 
given birth to erythroblastotic babies have come to the attention of the study, 
Twenty-one such cases remained after uncertainties regarding transfusions or in- 
jections had been excluded from the data. All of these delivered infants having a 
positive antiglobulin test, and all but two of them had delivered such an infant 
within three Rh-positive pregnancies. Twelve of these women were the daughters 
of Rh-positive mothers, and seven had Rh-negative mothers. The two who had 
shown evidence of Rh sensitization only in their fourth Rh-positive pregnancies 
were daughters of Rh-positive mothers. The Childrens Hospital group offers no 
indication of an association between the production of an erythroblastotic child by 
an Rh-negative woman and the Rh type of the mother of that woman. 

After our study had been under way for some time, our attention was called toa 
prior publication’ reporting data similar in nature and origin to our Childrens 
Hospital group and conceived as a test of an idea similar to that upon which our 
study has been based.’ Booth et al.‘ found that Rh types of the maternal grand- 
mothers of one hundred and thirteen erythroblastotic babies were distributed 
according to the population incidence expected of the mothers of Rh-negative in- 
dividuals, and concluded that ‘‘there is therefore no evidence to be found in these 
figures that the chance of an Rh-negative woman making anti-D is influenced by 
the Rh group of her mother.”” We must observe that the data of Booth et al. do 
not test the “‘chance of making anti-D” directly but depend only upon the appear- 
ance of diagnosed erythroblastosis. Furthermore, they do not test for the ease of 
sensitization of the mother, in terms of the Rh-positive pregnancy in which sensi- 
tization occurred and no consideration is given to transfusions or other complicat- 
ing elements in such a classification. Nevertheless, the comparable section of our 
data is consistent with this previous study. There appears at present to be no 
reason to believe that the occurrence of erythroblastosis in a child is related to the 
Rh type of the child’s maternal grandmother. 

We therefore face a puzzling situation in interpreting our over-all data, and 
particularly the careful and critical data derived from our Pasadena group. There 
seems to be rather strong statistical evidence that the tendency to develop Rh 
antibody in an early Rh-positive pregnancy is greater among the Rh-negative 
daughters of Rh-negative women than among the Rh-negative daughters of Rh- 
positive women. But there is no evidence that the occurrence of erythroblastosis is 
similarly related to the grandmother’s Rh type. It is possible that these data are 
misleading and that a larger study would contest them. If, however, they may be 
accepted as sufficiently strong to justify an attempt at explanation, we are at present 
inclined toward the following possible interpretation: The Rh-negative daughters 
of Rh-positive women appear to enjoy a degree of tolerance toward the Rh-positive 
antigens. This tolerance is sometimes overridden in an early Rh-positive preg- 


nancy, perhaps by greater or more extended exposure to the antigen, and under 
these circumstances erythroblastosis is likely to occur. The Rh-negative daughters 
of Rh-negative women show no similar initial tolerance and are more likely to 
develop antibody on slight provocation. Under these circumstances, however, 





A. 8, 


roup 
) the 
such 
lave 
udy. 
r in- 
ng a 
fant 
ters 
had 
cles 
Ss no 
1 by 


toa 
rens 
our 
und- 
uted 
> In- 
hese 
1 by 
. do 
ear- 
e of 
nSI- 
cat- 
our 
> no 


the 


and 
here 

Rh 
tive 
Rh- 
is 1s 

are 
y be 
sent 
ters 
tive 
reg- 
ider 
ters 
r to 
ver, 


Vox. 40, 1954 GENETICS: OWEN ET AL. 423 


the kind or amount of antibody produced in an early Rh-positive pregnancy is such 
as to permit a considerable proportion of the infants to escape without diagnosed 
erythroblastosis. Thus, when tolerance is classified in terms of antibody develop- 
ment, the relationship to the mother’s type is evident, but when one classifies in 
terms of erythroblastosis, the relationship is obscured. 

We have attempted to test this possibility by checking the hospital records of the 
Pasadena mothers that had been classified as intolerant only on the basis of anti- 
body tests. Al) four of the daughters of Rh-positive mothers who developed anti- 
bodies in three or less Rh-positive pregnancies gave birth to severely erythroblastotic 
babies. Only six of the thirteen daughters of Rh-negative mothers who developed 
antibodies had babies, in these early sensitized pregnancies, that would surely have 
been classified as erythroblastotic in the absence of preliminary antibody tests. 
Four gave birth to babies without evidence of erythroblastosis, two were only very 
mildly affected, and one pregnancy is still in progress. These data are therefore 
consistent with the interpretation offered above, but they are so restricted in scope 
as to be acceptable only as slight and tentative evidence that the interpretation may 
indeed be sound. We suspect that other factors, which we shall not discuss here, 
may also be involved. 

The mechanism for the acquisition of the postulated tolerance, if it exists, re- 
mains unknown. In multiple births of cattle’ an apparently similar tolerance is 
associated with the establishment of intact cells, interchanged between embryos. 
If the present hypothesis stands, it would be of considerable interest to determine 
whether the maternal Rh antigen or intact maternal cells mediate a similar ac- 
quired tolerance. 

Studies of the responses of human volunteers to injected blood may provide im- 
portant sources of data bearing on this subject. For example, Wiener’ has noted 
marked variation in the ease of sensitization of Rh-negative persons to Rh antigen. 
It appears that about four-tenths of the volunteers may be described as easily 
sensitized. This figure is in remarkable agreement with the prediction from the 
present hypothesis, because about four-tenths of the Rh-negative persons in our 
population should have Rh-negative mothers. The determination of the maternal 
Rh types for volunteers classified in terms of kind and degree of antibody response 
might be most pertinent. 

Summary.—Data are presented suggesting that the probability of development of 
Rh antibody in an early Rh-positive pregnancy is related to the Rh type of the 
mother of the Rh-negative woman involved. Rh-negative daughters of Rh-positive 
Women appear to enjoy some relative “tolerance” to the Rh antigen, compared with 
the Rh-negative daughters of Rh-negative women, when antibody test on their 
sera are used as the criteria of detection and classification of ‘“tolerance.” This 
relationship to the maternal type, however, does not appear to hold when the ap- 
pearance of erythroblastosis is used as the criterion for the detection of ‘“intoler- 
ance.” A possible explanation for this apparent inconsistency is suggested. The 
hypothesis is advanced that a degree of “actively acquired tolerance” may be con- 
ferred upon an Rh-negative person by prenatal exposure to Rh antigens or Rh- 
positive cells derived from the mother. Presentation of this hypothesis here, on 
the basis of admittedly limited data, is justified by the hope that others in a position 
to test it will be encouraged to do so. 
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We are indebted to Dr. E. W. Cartwright, Dr. E. I. Sorenson, and other Pasadena 
obstetricians for their assistance in obtaining data included in this paper, and to 
Miss Patsy Fowler for her technical assistance in collecting the Pasadena data. 
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ON THE NATURE OF THE EMBRYO INHIBITOR IN OVULAR TUMORS 
OF DATURA* 


By J. Rietsema, 8S. SATINA, AND A. F. BLAKESLEE 
GENETICS EXPERIMENT STATION, SMITH COLLEGE 
Communicated March 5, 1954 


Most interspecific crosses in the genus Datura, and some crosses within certain 
Datura species which have extra chromosomes, fail to produce viable seeds. It 
has been shown by McLean! and Sachet,? for example, that generally fertilization 
does take place but that the embryos do not reach maturity. The endosperm 
and embryo deteriorate, and in many cases a proliferation of the endothelium, the 
innermost layer of the integument, fills the embryo sac. Rappaport et al.’ found 
that these outgrowths, ovular tumors or tumoral tissues, contain a water-soluble. 
thermostable substance, capable of inhibiting growth of D. stramonium embryos 
in vitro. Itis the purpose of this paper to present data on the nature of this sub- 
stance and its possible role in the mechanism of embryo abortion in vivo. 

Material.—The investigation was carried out with ovular tumors from the in- 
compatible cross D. inoxia X D. discolor. his cross yields a large number of abor- 
tive seeds in each capsule, the seeds containing an ovular tumor which often envel- 


ops a small embryo. Four to five weeks after pollination the capsules were har- 


vested and the ovular tumors dissected from the ovules. This combination has 
the advantage over the cross D. inoxia 4n X 2n used by Rappaport ed al.,* in that 
the capsules contain a greater number of seeds, the great majority of them con- 
taining a tumore! tissue. The swollen seeds with the jelly- or cheeselike substances 
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found in several other incompatible crosses in Datura were never found. Moreover, 
a higher percentage of pollinations results in capsules with seeds. 

Effect of Tumoral Tissues on Embryo Morphology.—The influence of ovular 
tumors or their extracts was tested on cultures of D. stramonium embryos. The 
culture method has been described in detail by Rietsema et al. The nutrient 
medium contained mineral salts, 4-6 per cent sucrose, 0.8 per cent agar, and 400 
p.p.m. casein hydrolysate. The pH was adjusted to 6.0. Before transferring 
the embryos to the culture vials, tumoral tissues, or an extract, were added to the 
nutrient medium. The embryos used for the tests were excised from the ovules in 
the heart stage (0.2-0.5 mm.). After 8 days in the dark at 26° C., the embryos 
were measured. 

This method offers several advantages over the one used by Rappaport et al.,* 
in which 14-day-old embryo cultures were used, selected twice for homogeneity, and 
measured | or 2 weeks after the addition of tumoral tissues. The new method in- 
volves less labor and time. Moreover, the effect of tumoral tissues is tested on a 


younger embryo stage which more 


closely approaches the one under 
natural conditions in the hybrid 
ovule. 
Ovular tumors were extracted 
with sterile distilled water in a re- 
frigerator for several days. After 
adjusting the pH to 6, the extracts 
were Seitz-filtered with a Swinny beatae ‘eit 


filter adapter, and added to the 


nutrient medium. 
The results prove that both "| /\ / 
tumoral tissues and extracts have =— {/ \{ 
/ } j 
: te 


a profound effect on the shape of 


the embryos. As compared with / 
control embryos, they show a re- / 
duced hypocotyl growth and di- / 
. . [AA | Pew 


verging, club-shaped cotyledons. — TYMO® EXTRACT A00E 


The effects of extracts and of tu- Fig. 1.—The effect on Datura stramonium embryos 


‘ Drie of indole-3-acetic acid, ovular tumors, and extracts oi 
moral tissues are similar, though ovular tumors from the cross D. inoxia X D. discolor. 


the extracts have a more pro- 
nounced effect. 

The action of tumoral tissues bears a close similarity to that of indole-3-acetic 
acid, as described in a previous paper.’ This auxin also prevents the normal growth 
of the cotyledons and causes them to become thick and diverging. A comparison 
of the effects of tumoral tissues or their extracts with indole-3-acetic acid on the 
morphology of D. stramonium embryos is presented in Figure 1. 

This effect of the tumoral tissues on the excised embryos could not be observed 
by Rappaport e¢ al.,* who used much older embryos which do not show the peculiar 
morphological effect of auxin. Our results suggest the presence of an auxin in 
tumoral tissues which acts as an inhibitor on D. stramonium embryos in vitro. In 
the following pages experiments will be described which have been designed to es 
tablish the presence and possible nature of the auxin in ovular tumors. 
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Presence of Auxin in Tumoral-Tissue Extracts.—In order to test the presence of 
auxin in extracts, tumoral tissues were extracted with peroxide-free ether during 48 
hours in a refrigerator, after which the ether was decanted and evaporated until 
nearly dry. The remaining ether was then added to a small tube containing an 
agar block and subsequently removed by an air current. Next the auxin content 
of the agar was tested by means of the standard Avena test in a chamber, as de- 
scribed by Avery et al.® 

Preliminary tests showed the presence of considerable amounts of auxin in 
tumoral-tissue extracts, which made it possible to compare the activity curve of a 
crude preparation with the curve for pure indole-3-acetic acid. A normal activity 
curve was found for indole-3-acetic acid (Fig. 2), but the activity curve for the ex- 
tract is different, as it shows that the more concentrated extracts give low Avena 
curvatures. It is known that the shape of the activity curve of auxins changes 
when interfering substances are present, e.g., inhibiting substances. This was 
shown by Larsen’ for tomato and by Hemberg* for potato tuber extracts. If we 
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Fic. 2.—Activity curves of indole-3-acetic acid and ether extracts of 
ovular tumors from the cross D. inoxia & D. discolor. Average of three 
experiments, 


assume that the auxin in extracts is identical with indole-3-acetic acid, our results 
would indicate the presence of inhibiting substances. From the lower part of the 
activity curve and the volume of the agar blocks (50 mm..*) as a basis for the calcu- 
lation of the auxin concentration in the extract in terms of indole-3-acetic acid, we 
arrive at an amount of approximately 0.4 X 10~* mg. per thousand ovular tumors. 

Once the presence of auxin in ovular tumor extracts had been demonstrated, it 
became desirable to determine its nature. 

Acid versus Neutral Auxin.—Though indole-3-acetic acid is the most common 
auxin, several other naturally occurring substances with auxin activity have been 
reported. Tryptophane and tryptamine are active in the Avena test but do not 
produce curvatures within the normal test period (cf. Went and Thimann’). As 
our tests never exceeded 2 hours, these two compounds can be excluded. 

Indole-3-acetaldehyde, indole-acetonitrile,!! and ethyl indole acetate’? are 
neutral and hence can be separated from the acid auxins by fractionating according 
to Boysen Jensen’s method II.'* Application of this method to extracts of ovular 
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tumors showed that the bulk of the auxins is acid and that a neutral fraction is not 


detectable in these experiments. 


In Table | the results have been listed of five ex- 


TABLE 1 


NevrrRAL AND Acrp AUXIN Fraction IN ErHerR Extracts or OvuLAR Tumors AFTER FRAC- 
TIONATION ACCORDING TO BoYSEN JENSEN 


NUMBER OF 
EXPERIMENT OvuLar TUMORS 
l 75 
y 100 
‘ 125 

195 

450 


periments with increasing numbers of ovular tumors. 
only, showed some activity of a neutral fraction. 


magnitude of the curvatures must be 
explained from the variability of the 
material and the inevitable losses 
during the fractionation process. 

Chromatographic A nalysis.—Paper 
chromatography has been used re- 
peatedly in the analysis of auxin in 
plant extracts (Bennet-Clark, '* Luck- 
will,"* Terpstra,’ and others). The 
method makes possible a more precise 
identification of auxins than was the 
case heretofore, and it has been ap- 
plied to extracts of tumoral tissues. 
The ascending-descending technique, 
as described by Block et al.," was 
used. After the solvent front had 
moved 20-25 cm., the paper (What- 
man No. 1, carefully washed) was 
dried in a strong draft. It was then 
cut out into 10 sections, and each 
section was extracted overnight with 
2ml. of ether. The ether was evap- 
orated over an agar block, which 
was then subjected to the Avena 
test. 

For pilot experiments with chemi- 
‘ally pure indole-3-acetic acid, the 
chromatogram was developed with 
the Salkowski reagent by dipping 


—_—_—_____— AVENA CURVATURES ene 
One-tenth of Crude 

Acid Fraction Neutral Fraction Extract 

4.8 0 

a6 1.6 

12.0 0 

2 ee 0 


33.6 0 
The second 
The relative inconsistency in the 


experiment? 
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BUTANOL-WATER BUTANOL-AMMONIA 

Fig. 3.—Diagrams of filter-paper chromatograms 
of indole-3-acetic acid (IAA) and extracts of ovular 
tumors. The values in the diagrams indicate the 
magnitude of the Avena curvatures caused by 
extracts of the chromatogram sections. The other 
sections gave negative responses. The pilot chro- 
matograms were developed with the Salkowski 
reagent. In both cases the extracts of 60 ovular 
tumors were used. 


the strip or sheet into a mixture of concentrated H.SO,;, 0.1 M FeCls, and 


water (10:0.5:14.5). 
on the paper. 
saturated with water; 


The red color indicates the location of indole-3-acetic acid 
The Rf values of indole-3-acetic acid thus found were 0.85 in butanol 
; 0.32 in butanol-30 per cent ammonia-—water (6:1:1); and 
0.95 in butanol-acetic acid—water (4:1:1). 


With butanol-ammonia the spots are 
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better defined than with butanol-water, which also has the disadvantage of be- 
ing unbuffered and liable to changes in the pH, altering the location of the com- 
pounds on the paper. With butanol-acetic acid the spot is a narrow band located 
near the solvent front. For our experiments we have used butanol-water and 
butanol-ammonia. 

A representation of the results of two experiments is shown in Figure 3. The 
location of indole-2-acetic acid (IAA) has been indicated on the left of each diagram, 
with the chromatogram of the tumoral-tissue extract on the right. Each chroma- 
togram has been divided into 10 sections, the numbers in the sections showing the 
magnitude of the Avena curvatures obtained with the extracts of these sections, 
Curvatures were obtained from those sections where we may expect indole-3- 
acetic acid (Rf 0.85 in butanol-water and 0.3 in butanol-ammonia). Also, a second 
compound is indicated, with an Rf value of approximately 0.75 in butanol-ammonia 
and 0.05 in butanol-water. No Avena curvatures were obtained from the other 
sections. 

An auxin other than in- 
dole-3-acetic acid which has 
been reported in plant ex- 
tracts after paper-chromato- 
graphic analysis is the ethyl 
ester of indole-3-acetie acid. 
Teubner” found that this 
substance has an Ff value in 
butanol-ammonia of 0.88, 


EMBRYO LENGTH mm 














R 4 0 a a2 a4 as 06 o7 OB as Lo 


Fic. 4.—The effect of extracts of sections of a filter-paper : : 
chromatogram on embryos of D.. stramonium (upper dia- which is close to the one 
gam), ‘The cheomatogam was made cf & <etow der foundifor the pcan: eal 
solvent. The location of indole-3-acetic acid has been shown compound in extracts of 
for comparison (lower diagram). _The extracts of the sec- tumoral tissues, viz., 0.75, 
tions were added to nutrient medium to a final 2 ml. ; : 
suggesting that this sub- 
stance in the extracts is ethyl indole acetate. The amount is very small, as 
we see in Figure 3. This may explain the lack of activity of the neutral fraction 
mentioned above, where losses during the fractionation procedure must have been 
large. 

The chromatographic analysis, taken in conjunction with the acid nature, 
strongly suggests that the bulk of the auxin in ovular tumor extracts is indole-3- 
acetic acid. 

Identity of the Embryo Inhibitor —The information available on the nature of the 
embryo inhibitor is as follows: (1) the inhibitor has the same morphological effect 
on D. stramonium embryos as indole-3-acetic acid, and (2) indole-3-acetic acid 
forms the bulk of the auxin in extracts of ovular tumors. Further evidence on the 
identity of the two substances is obtained by comparing the mobility of both the 
inhibitor and the auxin on a paper chromatogram. Chromatograms of tumoral- 


tissue extracts were divided into 10 sections, and each section was extracted witb 
ether. The ether was evaporated over 0.5 ml. of water, which then was added to 
a culture medium. ‘This was sterilized afterward. In other experiments the paper 
sections were brought into culture tubes with the culture medium and sterilized 
with the agar. Afterward, embryos of D. stramonium were transferred to the cul- 
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ture tubes and the growth measured after 8 days. In Figure 4 (upper diagram) 
the growth of the embryos has been plotted against the position of the chromato- 
gram section. In the lower diagram of Figure 4 the position of indole-3-acetic acid 
on a chromatogram has been indicated. It is obvious that a growth-promotion is 
caused by substances on the first section of the chromatogram, which did not move 
in butanol-ammonia. The embryos reached a length of nearly 4 mm. The ex- 
tract of the fourth section, on the other hand, caused an inhibition, as compared 
with the extracts of the remaining sections. Instead of about 2-mm. length, the 
embryos reached a length of only | mm., showing, at the same time, the typical 
growth pattern which is found when indole-3-acetic acid is added to the medium. 
A comparison with the indole-3-acetic acid distribution, as indicated in the lower 
half of Figure 4, shows that both inhibitor and auxin have the same Af value. 

These results can be considered evidence that indole-3-acetic acid is identical 
with the embryo inhibitor in extracts of ovular tumors. 

Free versus Bound Auxin.—The identification of the embryo inhibitor as indole- 
3-acetic acid was based on experiments with water or ether extracts. It is known, 
however, that prolonged extraction of plant material yields not only the originally 
present auxin (‘‘free’’ auxin) but also auxin formed during the extraction period 
(ef. Thimann'’). This raises the question whether the auxin in the extracts repre- 
sents only free auxin or also includes auxin which is released during the extraction 
from a precursor or a bound state. This same question would also pertain to those 
experiments in which tumoral tissues are transferred to culture tubes containing 
embryos. Because it is nearly impossible to excise ovular tumors undamaged 
from the hybrid ovules, part of their tissue is destroyed, and an in vitro production 
of auxin may take place and continue during the culture period. The effect of these 
ovular tumors, therefore, may be quantitatively different from that of uninjured 
tumors inside the hybrid ovule. Hence it becomes necessary to determine the free 
auxin in tumoral tissues in order to consider its possible role in vivo. 

Van Overbeek et al.!° showed that rapid extraction of pineapple-plant tissue during 
1 hour yields almost exclusively free auxin, whereas the auxin extracted during 
subsequent periods consists almost entirely of auxin set free from a precursor. 
Hence a succession of short extraction periods may make it possible to distinguish 
quantitatively between free and bound auxin in tumoral tissues. Successive ex- 
tractions over a 2-day period showed that during the first hour a rapid release of 
auxin from the tissue occurs but that thereafter the process continues at a much 


lower rate. If the extractions are carried out at 26° C. instead of at 5° C., the 


initially released auxin does not increase, but more auxin is obtained in the later 
extractions. These results substantiate the assumption that the initially released 
auxin represents free auxin and that the rest is produced from a precursor by ¢ 
temperature-sensitive process. The results of two typical experiments are pre- 


sented in Table 2. The first experiment shows that the release of auxin continues 
during at least 2 days. The second experiment shows the difference between ex- 
tractions at 5° and at 26° C. 

Previously (p. 426) we have calculated the amount of auxin per thousand ovular 
tumors, weighing about 600 mg., at 0.4 X 10~* mg. for an extract of 48 hours. This 
includes both free and bound auxin. According to Table 2, a fraction of the total 
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quantity represents free auxin, roughly estimated at one-fourth of the total, i.e., 
0.1 X 10-* mg. per thousand ovular tumors. 

The presence of free auxin can also be demonstrated by two other methods: (1) 
by placing the tissues directly on the coleoptile and (2) by letting the auxin diffuse 
from the tissues into the agar, which is subsequently tested. With very few ex- 
ceptions, these methods gave negative results. The use of KCN, as recommended 
by Steeves et al,”° did not produce positive results. This may mean that the amount 
of auxin which diffuses out of the excised tumoral tissues into the agar is too small to 
cause a visible Avena curvature (24 tumors on an agar block of 50 mm.*, during 2 
hours) or that a destruction at the surface takes place, which is not overcome by 
KCN. The former possibility seems the most probable, because excised ovular 
tumors are capable of inhibiting embryo growth by the loss of auxin to the medium. 
This proves that not all auxin is destroyed at the surface of the tissue. 

Discussion.—Summarizing our results, we conclude that the embryo inhibitor in 
ovular tumors is identical with indole-3-acetic acid for the following reasons: (1) 
The effect of ovular tumors or their extracts on embryos of D. stramonium is similar 
to that of indole-3-acetic acid. (2) The embryo inhibitor in extracts of ovular tu- 


TABLE 2 
ErHer Extraction oF OvuLaR Tumors at Low anp High TEMPERATURES (5° AND 26° C.) 


EXPERIMENT ——EXPERIMENT 2—————_ 


: 7 . —— . eee = 
Extraction Period, Yield per Hour, Extraction Period, Yield per Hour, 
"©. ours S°C. 2e°'C. 
13. l a2 3.1 
2.8 l eb, <O:5 
7 


ours 


2.7 3 0.1 
0.9 18 0.8 
0.5 
0.6 


0.7% | 0.4 3. 
y 1.8 
a 


In the first experiment, 70 tumors were extracted during 48 hours; in the following, 40 in each series, during 
24 hours. The ether was renewed after intervals, as indicated by the extraction periods. The values are given in 
degrees Avena curvature. 
mors has the same Af value on paper chromatograms as indole-3-acetic acid. (3) 
The amount of free indole-3-acetic acid present in tumoral tissues amounts to ap- 
proximately 0.1 X 107* mg. per thousand ovular tumors. 

We feel justified in concluding that indole-3-acetic acid causes the inhibition of 
embryo growth in vitro. This is contrary to the conclusions reached previously by 

tappaport et al.* who were unable to find auxin as the cause of the embryo inhibi- 

tion. These results, however, were based on the use of a different technique and 
on work done with the cross D. inoxia 4n X 2n, the ovules being filled with a 
milk-, jelly-, or cheeselike substance, which in no way resembles the tumoral tissues 
from the cross D. inoxia X D. discolor. This may explain the differences between 
the conclusions, as it is possible that we have two entirely different phenomena in 
the two cases. 

In the aborted ovule of the cross D. inoxia X D. discolor, a tumoral tissue is found 
often together with anembryo. Though differentiation in these embryos is strongly 
impaired, they have a normal, healthy looking, white tissue. In exceptional cases 
this embryo is very large and nearly fills the entire embryo sac, leaving only little 
space for the tumoral tissue. If auxin is also responsible for arresting the growth of 
these embryos in vivo, two premises have to be satisfied: (1) the auxin of the tu- 
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moral tissues reaches the embryo, and (2) the concentration of the auxin immedi- 
ately around the embryo must be in the toxic range. As to the latter condition, we 
do not know how sensitive the hybrid embryos are to auxin. This question will be 
discussed in a later paper. No data exist on the diffusion of auxin from the intact 
ovular tumors. The negative response obtained by the diffusion method seems to 
indicate that very little auxin diffuses out of the tumors. The question about the 
nature of the embryo inhibition in vivo, therefore, cannot be answered at this time. 

Summary.—Ovular tumors of the cross D. inoxia * D. discolor contain a sub- 
stance capable of inhibiting the growth of D. stramonium embryos in vitro. This 
agent has been shown to be identical with indole-3-acetic acid on the evidence that 
(1) it has the same effect on embryo morphology as indole-3-acetic acid; (2) the 
ovular tumors contain auxin, which is an acid and has the same Af value on a filter- 
paper chromatogram as indole-3-acetic acid using butanol-water and butanol- 
ammonia as solvents; (3) the inhibitor has the same Af value as indole-3-acetic 
acid. The amount of free auxin in the ovular tumors has been estimated at about 
0.1 X 10~-* mg. per thousand ovular tumors. 


* This work has been supported in part by a grant from the National Cancer Institute of the 
United States Public Health Service (Contribution from the Department of Botany, Smith Col- 
lege, New Ser., No. 58). 
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SOMATIC MUTATIONS IN THE CARNATION, DIANTHUS 
CARYOPHYLLUS L. 


By Gustav A. L. MEeHnLaQuist, DororHy OBER, AND YONEO SAGAWA 
PLANT SCIENCE DEPARTMENT, UNIVERSITY OF CONNECTICUT 
Communicated by D. F. Jones, March 15, 1954 


I ntroduction.—So-called ‘‘bud sports’ have long been known in horticulture. 
In fact, in plants where vegetative reproduction is readily practiced, such sports 
have been widely utilized to extend the range of variation, especially with respect 
to fruit, flower, and foliage colors.' It is 
generally held in horticulture that such 
sports are not transmitted through seeds.’ 
The results obtained by Clausen and 
Goodspeed* in their thorough study of 
two bud sports in Nicotiana hybrids sup- 
port this view. However, considering the 
frequency of bud sports in horticultural 
plants, too little experimental work has 
been done to verify this point, probably 


because most sports have been observed 

in woody plants which generally require 

a rather long time from seed to maturity 
\ 


PLATE I 


Fig. la. 


or in plants which from their origin might 
be expected to be highly heterozygous and 
consequently might be expected to give 
Fig. 16. complex segregations. 

In commercial carnation culture, bud 
sports occur rather frequently, and many 
have been widely propagated. Most of 
these have been sports differing from the 
parent-plant in color only, but others 
have been an improvement in shape or 

Fig. 2. degree of doubleness. Occasionally, sports 

Petal diagrams showing types of streaking have been found differing from the parent 
FE eae on ant red colon fower*. in more than one characteristic. 

Fig. la,—Two overlapping petals fused at In 1946 a red-flowered carnation va- 
me ea ee es Fig. 1a; Tiety, William Sim, was introduced. It 
point of former attachment indicated by soon became the leading red-flowered 
a oem with large and small streaks V@Tiety, and when both white and flesh- 
and irregular marginal marking. | X°/s. colored mutants appeared in 1949 and 
ean “dot series” and mar- i959 respectively, the Sim varieties soon 

became the leading ones, not only in this 
country but in some European ones as well. During the last three or four years, 
at least a dozen additional color sports have been registered with the American 
Carnation Society. The most unusual of these is of a clear buff-orange color, rarely 
seen in carnations. 
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Methods and Material.—Because most carnations are diploid (2n = 30)* and 
earlier experiments had established the main genes concerned with flower color® ° 
it was decided to ascertain whether or not these mutations are inherited in sexual 
reproduction. For this purpose, cuttings were obtained of the red-flowered 
parent-form and four of its mutants, all of which are described in Table 1. Plate I 
shows the streaks and blotches which are characteristic of the white and pink 
forms. The buff-colored form was not available at the time these experiments 
were begun but has now been added. 


TABLE 1 
PosTULATED 
CLONE GENETIC COMPOSITION CoLorR 
William Sim AlYSrm Bright red, with occasional white streaks 
Pink Sim AlYsrm Light salmon (flesh pink), with occasional red streaks 
and blotches 
White Sim alYSrmor White, with occasional red streaks and blotches (see 
AlySrm PY) 
Peppermint Sim aIlYSrm Red stripes on white ground 
Skyline Frosted Sim ? Red stripes on white or lightly flushed ground 


The postulated genetic composition (Table 1) is based on previous data® ° which 
might be summarized as follows: 

A is the basic gene for anthocyanin; a-plants develop no anthocyanin pigment 
in any part. One or more intermediate alleles a’ produce pencil striping on white 


ground. 

I determines the color of the anthoxanthin; J = white,z = yellow. One or more 
intermediate alleles, 7’, produce broad indefinite stripes of anthoxanthin and antho- 
cyanin. 

Y determines the extent of coloration; Y = full color, y = very little color, mainly 
in anthers and style tips, and, at times, a light flush in petals. A series of interme- 
diate alleles, y”, produce intermediate patterns. 

S controls concentration of anthocyanin; S = deep colors, such as red, deep pink, 
crimson, and magenta; s = dilute colors such as salmon, light pink, and lavender. 

R determines the kind of anthocyanin; & = cyanin, r = pelargonin. 

M determines the number of sugar molecules attached to the anthocyanin. M = 
diglycoside: srM = light pink, SrM = deep pink, sR WV = lavender, SQM = ma- 
genta; m = monoglycoside: srm = salmon, Srm = red, skm = lavender, Skm = 
crimson. 

TABLE 2 
PEDIGREE FLOWER COLOR GENOTYPE 
51169-1, -7, and -12 Salmon AAII YY ss rrmm 
51622-3 and -7 a-White aa II YY SSrrmm 
51632-3 y-White AA liv yy SSrrMM 
51640-5 y-a-W hite aa [lv yy SSrrMM 
51640-13 Pale yellow aa it” yy SSrrMM 


William Sim and its four mutants were crossed to test lines of known genotypes, 
described in Table 2. The results of these crosses are summarized in Tables 3-7. 
It would have been desirable to self-pollinate all the Sim forms, but this could not 
be done readily, since all were male sterile, producing anthers but very rarely. From 
such occasional anthers one self-population of twenty plants was obtained from Pink 


Q 


olm. 
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William (Red) Sim 


Pink Sim 
White Sim 
Peppermint Sim 


TABLE 3 
PARENTAGE 
X Salmon A.z 
X Salmon A< 
X Salmon Az 
X Salmon Az 


” ss rr mm 
” ss rr mm 
"ss rrmm 
” ss rr mm 
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RESULTS 
74 Red 
80 Red 
96 Red 
79 Red 


86 Red 
Red 


Skyline Frosted Sim X Salmon A. ” ss rr mm 


Total 415 


TABLE 4 
PARENTAGE 
X a-White aa IT 
White Sim X a-White aa I] 
Peppermint Sim X a-White aa I] 
Skyline Frosted Sim X a-White aa /] 


Total 


RESULTS 

45 Red 
45 Red 
25 Red 
Red 


Red 


SS rr mm 
SS rr mm 
SS rr mm 
SS rr mm 5 


120 


Pink Sim 


iad 
yr 
Qe 
VY 


TABLE 5 
— — RESULTS 
Orange 
White Var. Yellow 
uy iv yytt 
yy SSrr MM 18 15 5 4 
yy SSrr MM 11 12 3 
re yy SSrr MM 17 11 3 
” yy SS rr MM f 11 f 1 
” yy SS rr MM . 12 ‘ 0 


Observed totals 61 11 
Theoretical ratio 3 | 
Calculated totals 61.5 20. 


Deep Pale 
Pink 


SrM Total 


PARENTAGE 
William (Red) Sim X y-White A. 
Pink Sim xX y-White Az 
White Sim xX y-White Az 
Peppermint Sim X y-White Az 
Skyline Frosted Sim X y-White Az 


* = 5.68; P= 


TABLE 6 
RESULTS 
Orange 
White Var. 
PARENTAGE yy i 
White Sim X 51640-5 aa Li? yy SS rr MM 4 2 0 
Peppermint Sim X 51640-5 aa li? yy SS rr MM 1} 1] K 
Skyline Frosted Sim X 51640-5 aa /i” yy SS rr MM 11 13 
Observed totals 26 26 
Theoretical ratio 3 3 
Calculated totals 27 27 
+0.8 


Pale 
Yellow 
ityy 


Deep 
Pink 
SrM 


2=0.52; P= 


TABLE 7 
RESULTS 
Deep Orange 
Pink Var. 
SrM ii" 
» yy SS rr MM l : 4 
“7” yy SS rr MM 8 7 
” yy SS rr MM 9 ( 4 
“i” yy SS rr MM 9 


2 


PARENTAGE 
William (Red) Sim XX 51640-13 aa 
Pink Sim X 51640-13 aa 
White Sim X 51640-13 aa 7 
Skyline Frosted Sim X 51640-13 aa 


Observed totals j 
Theoretical ratio I 
Calculated totals 28.5 


2= 1.44; P = 0.69 
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Results and Discussion.—In explanation of Tables 5-7, it should be stated that all 
the whites were pure white, except for an occasional colored streak and the small 
amount of pigment sometimes seen in y-plants, such as slightly colored anthers, 
style tips, and petals. There were no sinus blotches or large streaks such as those 
shown in Plate I. White streaks in the colored segregates were small and usually 
limited to one to five per flower, while in William Sim the number at times was as 
high as ten or more per flower. The variegation in the orange groups was such as 
might be expected from the gene 7’ introduced through the test plants. 

The results show two interesting things. First, they are the same regardless 
of which form of the Sim carnation was used. Second, there was no segregation 
for Salmon (Table 3). Within the limits of random segregation, all five forms 
bred as if the genotype was AA /i Yy SS rr mm. The only exception is Skyline 
Frosted in Table 5, but, when these results are added to those from the same form 
in Table 6, the observed ratio of 25:25:9:6 does not differ significantly from the 
expected 3:3:1:1. In other words, the four mutant forms apparently represent 
somatic changes only, not involving any germinal tissue. 

Were it possible to propagate carnations from root cuttings, it could probably be 
shown that the four mutant forms used in this study are periclinal chimaeras in 
which the mutant condition does not extend deeply enough to affect the formation 
of gametes, as Clausen and Goodspeed found in Nicotiana.* 

This conclusion raises the question as to how the ‘‘Pink Sim” originated from a 
plant not heterozygous for S. The simplest explanation would be to assume that 
the light salmon or flesh-pink color in Pink Sim is due to a gene different from that 


represented by the test plants 51169-1, -7 and -12. However, evidence from two 
sources indicates that this is not so. First, in the large numbers of progenies grown 
earlier in order to determine the genetics of flower color in carnations, not more than 


one main gene concerned with the production of salmon or flesh color from red was 
ever identified. Second, the segregation in the self-population of 20 plants from 
Pink Sim was 13 red, 5 white, 1 orange, and | pale yellow, but no flesh-colored. 

Unless F’; data, when it becomes available at the end of this summer, indicates 
that the pink flower color in Pink Sim is determined by a gene distinct from s, we 
must assume either that Pink Sim arose from Red Sim (William Sim) in somatic 
tissues by a series of two successive mutations involving the S locus in both homo- 
logous chromosomes or that, following one mutation S to s in one chromosome, 
somatic segregation took place; producing tissues which are SS and ss, respec- 
tively. 

It is generally agreed in the trade that Pink Sim differs from the red and white 
forms in that it has a greater tendency to split its calyx. Since splitting of the 
calyx in many varieties is due to abnormally high petal numbers, a comparison of 
Pink Sim with the other forms is now being made. Segregation of single to semi- 
double in the crosses between the salmon-colored single-flowered plants and Pink 
Sim (Table 3) disclosed no significant discrepancy in this respect, as the ratio was 
200 single to 215 semidouble. 

Variations in chromosome numbers have been claimed by Dowrick? to be the rea- 
son for, or associated with, color mutations in Chrysanthemum. Chromosome de- 
terminations made on the five forms involved in this experiment failed to disclose 
any variation from the normal diploid number of 2n = 30. However, Dianthus 
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chromosomes are rather small, so it is quite likely that minor chromosome defi- 
ciencies or deletions would not be detected. 

Recently, we have obtained from commercial sources two spontaneous chromo- 
some aberrants, one of which appears to be wholly tetraploid, while the other is chi- 
maeric, containing diploid as well as tetraploid tissues. The first named is known 
to be, and the other probably is, a bud sport from William Sim. Both are red- 
flowered. Both seem to be identical in appearance with colchicine-induced tetra- 
ploids produced by Stewart’ and kindly shared with us. These aberrants will be 
subjected to genetic analysis as soon as suitable tetraploid test plants are available. 
Diploid test plants cannot be used so readily for this purpose because of very low 
seed production in crosses between tetraploids and diploids. 

Summary.—These results indicate that the carnation William Sim and four 
mutant clones, Pink Sim, White Sim, Peppermint Sim, and Skyline Frosted Sim, 
all have the same genotype: AA /i Yy SS rr mm. The mutant clones thus are 
somatic variants, probably in the nature of periclinal chimaeras, with the mutant 
condition on the outside, but not deep enough to affect the formation of gametes. 

'M. B. Crane and W. J. C. Lawrence, The Genetics of Garden Plants (New York: Macmillan 
Co., 1947); D. F. Jones, Bot. Rev., 7 (No. 6), 291 (1941); A. D. Shamel and C. S. Pomeroy, J. 
Heredity, 27, 487 (1936). 

2M. G. Kains and L. M. MeQuesten, Propagation of Plants (New York: Orange Judd Co., 1949), 
p. 138. 

3 R. E. Clausen and T. H. Goodspeed, Genetics, 8, 97-105 (1923). 

G. A. L. Mehlquist, Proc. Amer. Soc. Hort. Sci., 46, 398 (1945). 

5'T. A. Geissman and G. A. L. Mehlquist, Genetics, 32, 410 (1947). 

6G. A. L. Mehlquist and T. A. Geissman, Ann. Missouri Bot. Gard., 34, 39 (1947). 

7G. J. Dowrick, Gard. I/l., 69 (No. 12), 308 (1952). 

8 R. N. Stewart, Proc. Amer. Soc. Hort. Scit., 57, 408 (1951). 


A PARTIAL MAP OF LINKAGE GROUP D IN NEUROSPORA CRASSA* 
By M. B. Mircueti anp H. K. MircHeuu 


KERCKHOFF LABORATORIES OF BIOLOGY, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated by G. W. Beadle, March 17, 1954 


In connection with investigations of the genetic behavior of pyrimidine mutants 
in linkage group D (group IV of Barratt and Garnjobst!), data were obtained on 
linkage of other mutants in this group. This paper reports these data, together 
with results from additional crosses. Although these results are not entirely un- 
ambiguous, they appear to indicate the order of eleven genes located on one arm of 
the chromosome. 

Description of Mutants.—The biochemical mutants used are, as follows: arg 
(33442), arginine;? pdx (37803), pyridoxine, not pH-sensitive;* pyr 1 (263) and 
pyr 2 (38502), pyrimidine, and pyr 3 (37815), pyrimidine, temperature-sensitive;* 
ad (28610), adenine; hist (C141), histidine; pan (34556), pantothenic acid.* 


Of the three visible mutants, one, co (70007), “colonial,” has been described.” ° 
A second, cot (C102), “colonial,” temperature-sensitive, has been described only 
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briefly, although it has been quite useful as a genetic marker. Its growth appears 
normal at 25° C., but at 35° C. it is as much reduced as that of many biochemical 
mutants on minimal medium and is of an extreme “colonial” nature. As the tem- 
perature is lowered from 35° C., the “colonial” character becomes less extreme. 
A property of the mutant which facilitates scoring in certain crosses is that young 
hyphae, formed at 25° C., will, when put at 35° ¢ 
close together, all along their length. 

The third mutant, dn (38502), dingy, has been so named because of gray lumps 
of material, presumably due to excess formation of microconidia, which appear 
in slant cultures. On agar surface the hyphae grow more slowly than wild and are 
bunched, crinkled, and oriented down into the medium. This mutant occurred 
with pyr 2 (38502). 

Two-Point Crosses.—The data in Table | were obtained from counts of random 
ascospores allowed to germinate on minimal agar in Petri dishes and incubated 
at the appropriate temperature (25° or 35° C.) for a time sufficient to permit the 


‘ 


., quickly begin to form branches, 


TABLE 1 
RANDOM SPORES FROM Two-Pornt Crosses 
Mutant Wild Distance Germination 
rO8S Spores Spores Units) (Per Cent) 
arg 4,811 9 36 80-90 
pyr 3 4,080 33 5 80-90 
pdx 4,072 80 3.8 60-80 
pyr 1 1,138 12 2.0 50-60 
pyr 3* 2,125 12t Al 90-100 
hist 2,670 446+ 2¢ 90-100 
col 3,203 568 ; 80-90 
pyr 3 2,651 376T 25 90-100 
pan 14,929 yi 90-100 
ad 2,489 5s 7 60-80 
hist 13,016 4: >. 80-90 
pyr 2 8,697 23 90-100 
pyr 2t 2,128 32 26 60-80 
pyr 2 27 4 3.6 90-100 
pyr 2 2,007 516 $1 60-80 
M. B. Mitchell, T. H. Pittenger, and H. K. Mitchell, These Procreepinas, 38, 570 (1952) 


t Pseudo-wilds included. 
’. Haas, M. B. Mitchell, B. Ames, and H. K. Mitchell, Genetics, 37, 217 (1951). 


Cc 


co 
co 
co 
co 
arg 
pyr 3 
CO 
cot 
cot 
cot 
cot 
cot 
hist 
dn 
co 


XK KKK KKK KKK KK KK 


difference in growth capacity between wild-type and biochemical mutants to become 
apparent. The figure given for each cross for the distance between genes is twice 
the percentage of spores which were wild with respect to both mutants. 

These data indicate three groups of mutants, with the members of each group 
closely linked and the adjacent groups separated by distances of about 30 and 20 
units. One group consists of co, arg, pyr 1, pyr 3, and pdx; another, of cot, pan, 
hist, and ad; and the third, of dn and pyr 2. 

Three-Point Crosses.—The asci tabulated in Table 2 were dissected on minimal 
agar plates. The plates were first incubated at 25° C. and dn and co scored, then 
incubated for 3 or 4 hours at 35° C., after which cot could be scored. Segregations 
in these asci are consistent with the following gene order: centromere—co—cot—dn. 


From 279 asci from eight other crosses, a centromere distance of 13 units was ob- 
tained for co. 


Table 3 gives results of counts of random spores from crosses of double mutants to 
single mutants. It was assumed that, with three closely linked mutants, double 
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crossovers, if they occurred, would be infrequent and that the gene order could be 
deduced from the types of recombinants appearing which were wild with respect 


TABLE 2 
ASCI FROM THE Cross co cot dn XK +++ 


SEGREGATION 


co cot dn co cot dn 
co cot dn +--+ + 
co ++ co cot dn 
co ++ co ++ 
co cot + co cot dn 
co cot + co cot + 
co ++ + cot dn 
co cot dn + cot dn 
co ++ + cot dn 
co cot dn +--+ dn 
co cot + ++ dn 
co ++ co cot dn 
co cot + co + dn 
co cot dn co + dn 
co ++ co cot + 
co ++ co +dn 
co cot + co + dn 
co ++ + cot + 
co cot + + cot dn 
co + dn + cot + 
co cot dn + cot + 
* Region 1 = centromere to co—15 


setocls 
co cot dn 
+ cot dn 
+ cot dn 
++ dn 
++ dn 
co cot dn 
cO +t 

co ++ 

co cot + 
co cot dn 
+r dn 
+ cot dn 
+ cot + 
+ cot dn 
+ cot dn 
+ cot + 
co cot dn 
co + dn 
co cot dn 
co + dn 


units; region 


No. 

ASCcI 
a es 2 11 
tq 7 
6 cates ails 16 
+ cot dn 2 
= ids 2 ee 10 
++ dn I 
5 ios i 2 
+++ 2 
+ cot dn l 
9 Sian a 3 
Se ateate 2 
+ cot + 4 
++ 2 
si bales se 2 
++ dn 2 
+ cot + ] 
+-+ dn | 
++ dn Z 
+++ ] 
+++ i 
es ao 2 

74 

2 = co to cot—28 units; 


CROSSOVERS* 
None 
Rl 


R2 

R2 (double ) 
R3 

R3 (double ) 

R1 R2 

R1 R2 

R1 R2 (double) 
R1 R38 

R1 R38 

R2 R3 

R2 R3 

R2 R38 

R2 R38 

R2 (double) R3 
R2 R3 (double ) 
R1 R2 R38 

R1 R2 R38 

R1 R2 R38 

R1 R2 R3 


region 3 = cot to dn—23 units. 


Asci showing the same segregation patterns but with different arrangements of spore pairs are lumped together. 


Cross 

1 pyrl +co X + pdx + 
2 pyr tl ++ X + pdx co 
> pyr lcot+ K ++ pyr 3 
{ + co pyr 3 X pyr tl ++ 
> ++ arg X pyr 1co + 
6 + coarg X pyr l ++ 

7 ++ pyr 3 X pdx co + 
8 + co pyr 3 X pdx ++ 
9 ++ arg X pdx co + 
10 + coarg X pdx ++ 
1l co + pyr 3 X + arg + 
12 ++ pyr 3 X coarg + 


13. + pan + X ad + col 
14 + cot hist X pan ++ 


15 + cot hist X ad ++ 
16 ++ dn X col pyr 2 + 
17 cot +dn X + pyr 2+ 


* Pseudo-wilds included. 
+t Pseudo-wilds. 


TABLE 3 


RANDOM SPORES FROM THREE-POINT CROSSES 


(27 )t 
(64)T 
(13)T 


(59)t 
(92)t 


RECOGNIZABLE 
RECOMBINANTS 


co +4 
cot + + 
25 

I 

79 

6 
182 
5 


' 
72 
‘ 


t= 90 os ~J — 
Cotnwmoco He swo 


to 
oor 


REMAINING 


MUTANT GERMINATION 
PHENOTYPES Per CENT) 
4,055 60-80 
7,488 80-90 
3,031 80-90 
2,585 80-90 
8,246 90-100 
3,904 60-80 
4,370 50-60 
7,818 80-90 
3,853 80-90 
2,715 60-80 
15,771 80-90 
10,285 80-90 
5,118 90-100 
2,991 90-100 
4,077 90-100 
9,702 90-100 
8,315 80-90 
, 962 80-90 
4,733 50-60 
5,728 60-80 


to both biochemical mutants involved. Thus, if two biochemical mutants, b/ and 


b2, are on opposite sides of a visible mutant, v, then each of the crosses b/v X b2 
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and b1 X 62v will give both wild and v progeny from single crossovers. If b/ and 
b2 are on the same side of v, then, from single crossovers, one of the crosses will give 
wild and the other v progeny. Which cross gives v and which gives wild will de- 
pend upon the order of 6/ and b2 with respect tov. It may be seen, from crosses 
3 through 10 in Table 3, that, by these criteria, pyr / and pdx behave as if they are on 
the opposite side of co from arg and pyr 3. Therefore, only one type of recombinant 
which is wild with respect to both biochemical mutants would be expected from 
each of the crosses 1, 2, 11, and 12, whereas, from 1, 2, and 12, both types were 
found. If it is supposed that the rare recombinants from these three crosses arose 
from some phenomena other than single crossovers, then the data from all the twelve 
crosses are consistent with the order pyr 1—pdx—co—arg—pyr 3. Crosses 1, 2, 
3,5, 7, 9, and 11 have been repeated with different isolates of the mutants and double 
mutants, with essentially the same results. 

A further indication that the order is pyr 1—pdx—co—pyr 3 was obtained by ob- 
serving asci from crosses 1 and 7, since among these asci were found all types which 
would be expected to result from single crossovers in the marked regions if the gene 
order is that indicated. From cross 1, among 86 asci, the following types showing 
recombination were found: 


pyr tl ++ pyr 1 + co + pdx + + pdx co 2 

pyr 1 pdx + pyr 1 + co + + co + pdx + l 
Among 47 asci from cross 7, the recombinant types were as follows: 

+ co + + + pyr 3 pdx co + pdx + pyr 3 + 

+++ + + pyr 3 pdx co + pdx co pyr 3 3 


A cross of pdx co pyr 3 to wild gave results which are in agreement with this gene 
order, since among 3,418 spores, none were + co +. 

Segregations in 98 asci from a cross reported elsewhere,’ of pyr / to pyr 3, indicate 
that pyr 1 is nearer to the centromere. 

The unexpected recombinant types from crosses 1, 2, and 12 when crossed to 
wild appeared to be genetically pure wild or co + +. They are being investigated 
further. 

Pseudo-wilds? from crosses which have co in one parent can be distinguished from 
true wild types on minimal plates. They grow more slowly, at least initially, and 
have straighter, more precisely branched hyphae. Hence pseudo-wilds have been 
excluded from counts from all crosses involving co. They were usually observed 
from these crosses, but rarely with a frequency greater than about one or two per 
thousand germinated spores. Pseudo-wilds from crosses involving cot and dn 
Were not at first recognized as such, and in Table 1, if they occurred in these crosses, 
they are included with the true wilds. Later on, when crosses 13 through 17 
in Table 3 were being examined, it was found that two types of wilds could be dis- 
tinguished. One type resembled pseudo-wilds from co crosses, having straighter, 
more precisely branched hyphae, but the extent of growth was much more nearly 
that of true wilds. Samples of these isolated from crosses 13, 14, 16, 17 (and 18 
and 19 below), proved to be heterocaryons composed of the two parent types in 
each case, and it is therefore assumed that these are pseudo-wilds. It may be seen 
from the counts from crosses 13, 14, and 15 that only if this type is excluded is it 
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possible to reach a conclusion about the gene order based on the appearance of 
+ + + and cot + + recombinants. The more probable order then appears to 
be ad—pan—cot—hist, since crosses 14 and 15 gave both + + + and cot + +, 
whereas cross 13 gave only cot + + and pseudo-wilds. From crosses 16 and 17, 
with pseudo-wilds excluded, the order appears to be cot—pyr 2—dn, since, with 
this order, in cross 16, + + + could arise from single crossovers between pyr 2 
and dn, but cot + +, which is less frequent, would require a double crossover, one 
between pyr 2 and dn and another between cot and pyr 2. In cross 17, cot + + 
could arise from single, and + + + from double, crossovers. In the same way, 
the order of ad, cot, and hist with respect to dn is indicated by the counts shown in 
the accompanying tabulation. The percentage of germination was estimated to 


Pseudo- Other 
Cross ++ dn wild Types 


18 + cot dn X ad ++ } 4 28 3,817 
19 cot +dn X + hist + 52 62 3,503 


be 50-60 in cross 18 and 60-80 in cross 19. 


& pyr | 
) pdx ad 
ca 


co pan 

F M7 #9 cot 

( \, pyr 3 YW hist 
t 1 7% 





q 











13 UNITS 30 UNITS - 23 UNITS 


Fic. 1.—Gene order considered more probable on the basis of data presented. 


The indicated gene order for all the mutants is given in Figure |. The figures 
used in drawing the map to scale are not averages from all crosses from which each 
figure could be obtained but are derived from one or two crosses considered to be 
the most reliable, i.e., ones with the largest numbers of spores and the highest 
percentage of germination, in which wilds and pseudo-wilds were counted separately. 


* This work was supported in part by funds from the Rockefeller Foundation and from the 
Atomic Energy Commission, administered through contract with the Office of Naval Research, 
United States Navy, Contract N6-onr-244, Task Order V. 
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[NDUCED POLLEN LETHALS FROM SEEDS OF DATURA STRAMONIUM 
EXPOSED TO RADIATION FROM A NUCLEAR DETONATION* 


By J. L. SPENCER AND A. F. BLAKESLEE 
UNIVERSITY OF MASSACHUSETTS AND SMITH COLLEGE GENETICS EXPERIMENT STATION 
Communicated April 9, 1954 


Biological effects of ionizing radiations produced by an explosion of a nuclear 
device may be complicated by the heterogeneity and extreme intensity of the 
emissions. Changes in biological systems may be induced that are not attributable 
to blast, heat, or single-type radiation effects. Many data and discussions have re- 
sulted from laboratory studies of radiations, but until recently scant information 
was available on the effects induced by the unparalleled intensity of radiation from 
an explosion of a nuclear device. 

This study presents some of the results of the combined biological tests on the 
effectiveness of a nuclear detonation, reported in part by Conger! and Kirby-Smith 
and Swanson.? The present investigations were particularly concerned with the 
biological efficiency of fast neutrons from a nuclear device, as compared to other 
types of radiation, especially X-radiation. 

Neutrons and X-rays produce the same kinds, or qualitative types, of rearrange- 
ments for chromatid as well as for chromosome effects, but the two radiations 
differ markedly in their quantitative effects.* * °> The sensitivity ratio, about 3 
or 4 for fast neutrons as compared to X-rays, is different for different kinds of 
aberrations. Fast neutrons have been observed to be about three times as efficient 
as X-rays in inducing single gene mutations in Drosophila... Thermal neutrons 
have been reported to have a cytogenetic effect of about eleven times that of X-rays 
per unit dose.?. The difference in effectiveness between thermal neutrons and X- 
rays is believed to be due largely to the internal origin of the protons and alpha rays 
which result from capture reactions. However, the discrepancy that apparently 
exists between the two types of neutrons is thought to be a manifestation of the 
relative ease with which thermal neutrons are captured. 

Pollen lethals in Datura, as employed in studies of aged seeds* and thermal- 
neutron effects,’ furnish a method for determining with considerable accuracy the 
biological efficiency of fast neutrons as well as the dose estimates in roentgen 
equivalents. Additional advantages afforded by rates of pollen abortion in Datura 
include (1) the rapidity and ease by which large numbers of plants can be handled; 
(2) an indication of the type of aberration present, viz., chromosomal or gene, with 
an accuracy of over 80 per cent; and (3) a convenient method for detecting and 
delimiting the aberrant sectors. 

The source of neutrons furnished by a nuclear detonation made it possible to 
determine the relative effect of fast neutrons on mutation rates in comparison with 
plants from gamma-irradiated and X-irradiated control seeds. 

Experimental Procedures and Results——Seeds of Datura stramonium, Line 1, 
dried to a constant moisture content of 4.9 per cent and sealed in aluminum vials, 
were exposed to fast-neutron radiation from a nuclear detonation. These seeds were 
shielded from blast, heat, and much of the gamma radiation, as noted by Conger, ! 


by being inclosed in a temperature-controlled chamber capped with a lead hemis- 
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phere 7 inches in thickness. Seeds of the same Line 1—in fact, from the same 
capsules—and possessing the same moisture content were treated with gamma rays 
from Co and with X-rays at Brookhaven National Laboratory. No seed was 
used from flowers that yielded over 1 per cent bad pollen. 

Germination was carried out in the greenhouse, and the plants were subsequently 
transferred to the field, where they matured and were studied for types of pollen 
abortion and for chromosomal aberrations. !4 

Pollen was examined from a single flower from each of the two main forks of the 
plant tested and the condition of the pollen recorded. In general, three types of 
grains were recognized: (1) the normal grain; (2) the chromosomal type, or small, 
shriveled, and empty grain; and (3) the gene type, or subnormal to very small 
size grain, often showing degenerative changes in the character of its contents. Ifa 
flower showed abnormal pollen, additional adjacent flowers were examined in 
order to delimit the sector exhibiting the pollen abnormality. 

The Atomic Energy Commission furnished all dose estimates used in this report. 
The roentgen equivalent physical (rep) is based on 93 ergs/gm., which is the energy 
absorption of 1 roentgen in water. Problems concerning the dosimetry for the 
detonation have been noted by Sheppard and Darden'! and by Kirby-Smith and 
Swanson.? The gamma ray contamination is probably between 25 and 35 per 
cent. The authors are indebted to Dr. Seymour Shapiro, of the Brookhaven 
National Laboratory, for exposing the seed to gamma and X-rays. 


TABLE 1 


GERMINATION OF Datura SEED 


Per Cent Per Cent 
Exposure Seed Exposed Germinating Maturing 
Nuclear detonation: 
Hemisphere rep (Estimate) 
C 7000 600 . 0 
D 4000 600 = 0 
G 2000 600 58 30 
I 1400 600 io 55 
L 760 600 82 74 
O 246 600 84 75 
Gamma rays: 
10,000 r 100 84 80 
X-rays: 
20,000 r 200 a 50 
10,000 r 100 71 65 
Control 300 tested 84 84 


* A few seeds germinated but did not survive. 


The lethality effects of the detonation on Datura seeds from hemispheres C and D 
(Table 1) were very pronounced; none of the plants matured, although a few of the 
seeds germinated. Normally, germination percentages for Datura are above 80, 
and 75 per cent or more of the plants usually mature. For these tests, 84 per cent 
of the control seeds (300) germinated, and all the seedlings matured. Fifty per 
cent or more of the exposed seeds from hemispheres G, I, L, and O germinated, 
and 30, 55, 74, and 75 per cent of these plants matured. Although the same per- 
centage of seeds exposed to gamma radiation of 10,000 r and seeds exposed to 246 
rep from the detonation germinated, fewer plants from the latter treatment ma- 
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he tured. The seeds given a dose of 10,000 r X-radiation showed somewhat lower 
ys germination (71 per cent) and maturation (65 per cent). 
AS A summary of the data on plants tested and possessing pollen lethals is given in 
Table 2. Approximately the equivalent percentages of plants bearing pollen ab- 
ly normalities were yielded (1) by exposure to 10,000 r of gamma rays, (2) by the 
“D same dosage of X-rays, and (3) by a neutron dose estimate of 760 rep. Extrapola- 
tion indicates that a dose estimate of about 800 rep would more closely approxi- 
ne mate the figures yielded by gamma and X-ray exposure of 10,000 r. Thoroughly 
ol positive conclusions concerning relative biological efficiencies may not be possible 
ll to arrive at, in view of the small numbers employed in these gamma ray and X-ray 
ul tests. However, the data at hand, from the tests noted here and from previous 
a work, demonstrate that fast neutrons are between 12 and 15 times more efficient 
m than gamma radiation or X-radiation when mutation rates based on pollen lethals 
in Datura are compared. 
t. 
sa TABLE 2 
=f 
he INDUCED POLLEN LETHALS IN Datura 
| Plants with 
MC Exposure Plants Tested* Pollen Lethals 
er Nuclear detonation: 
“1 Hemisphere Sulfur flux rep 
C 1.89 X, 1016 7000 Lethal 
D 1.40 X 1016 4000 Lethal 
G 9.43 * 1015 2000 107 99 (93%) 
I 8.37 X 10% 1400 217 187 (86%) 
L 4:7) 3¢ 106" 760 334 197 (59%) 
O 2.50 X 10% 246 262 65 (21%) 
7 1.90 X 10% 105 255 23 ( 9%) 
Gamma rays: 

10,000 r 68 14 (64%) 
X-rays: 

20,000 r 21 15 (76%) 

10,000 r 24 16 (67%) 
Control 218 0( 0%) 

* Two flowers per plant examined. 

t Outside hemisphere, i.e., not placed within lead-capped chamber. 

The data accumulated on the types of pollen lethals induced by the three kinds 
of exposures, i.e., nuclear detonation, gamma rays, and X-rays, suggest that the 
dose estimate of 760 rep of fast neutrons from the nuclear device was roughly equiv- 
alent to 10,000 r of either gamma rays or X-rays (Table 3). These tabulations 
were not limited to two flower samples employed for comparisons in the previous 
table (Table 2), and, as a result, the additional gamma and X-ray data afford fur- 

liability for evidence of relative biological efficiencies. 

D ther reliability f l f relative biological efficiet 

he If the flowers found to contain both types of pollen lethals (Table 3) are appor- 
0, tioned between the single types noted, then the dose estimate of 760 rep induced 
nt about 40 per cent of the flowers to show a chromosomal type of pollen lethal and 10 
. per cent to possess a gene type of pollen lethal. On the same basis, gamma radia- 
a, tion of 10,000 r induced about 28 per cent chromosomal type of aberration and 18 
wl per cent gene type. The X-irradiated material treated by 10,000 r appears to be 
10 more comparable to the 760 rep of fast neutrons than the gamma-exposed plants, 
a- since X-rays of this dosage apparently induced about 35 per cent of the flowers to 
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bear chromosomal types of pollen abortion and 6 per cent to have gene types. 
The highest dose estimate of fast neutrons from the nuclear device from which ma- 
ture Datura plants were obtained, 2000 rep, yielded approximately 65 per cent. of 
the flowers with chromosomal-type pollen abortion and approximately 20 per cent 
with gene-type lethals. 


































TABLE 3 
Typrs oF INDUCED POLLEN LETHALS IN Datura 


PoLLEN LETHAL Tyres FouND IN 
-INDIVIDUAL FLOWERS (PER CENT) 


Flowers Chromosomal 
Exposure Tested Chromosomal Gene and Gene 
Nuclear detonation: 
Hemisphere rep 
G 2000 242 55 0] 21 
I 1400 553 48 7 19 
L 760 792 36 6 5 
O 246 428 10 2 3 
; 105 503 4 2 2 
Gamma rays: 
10,000 r 163 24 15 7 
X-rays: 
20,000 r 60 50 2 15 
10,000 r 103 34 4 3 
Control 594 0 0 0 


* Outside hemisphere. 


TABLE 4 


INDUCED POLLEN LETHAL SECTORS IN Datura 


Plants Tested — —PLANTS WITH SECTORS BETWEEN* -- 
and Possessing Chromosomal Gene/ Normal Chromosomal 
Exposure Pollen Lethals Normal Type Type Gene Type 
Nuclear detonation: 
Hemisphere rep 
G 2000 99 9( 9%) 1( 1%) 31 (32%) 
I 1400 187 16( 9%) 6( 3%) 83 (44%) 
L 760 197 44 (22%) 6( 3%) 25 (13%) 
O 246 65 16 (25%) 5( 8%) 2( 3%) 
tT 105 23 9 (39%) 4(17%) 2( 9%) 
Gamma rays: 
10,000 r 44 11 (25%) 10 (23%) 3( 7%) 
X-rays: 
20,000 r 15 0 0 4 (30%) 
10,000 r 16 9 (56%) 2( 3%) VC 5%) 
Control v) 0 0) 0 


* Based on sample of two flowers per plant. 
t Outside hemisphere. 


The relative biological efficiency of detonation fast neutrons as indicated by data 
on chromosomal and gene aberrations based on types of pollen lethals in Datura 
flowers (Table 3) appears to be somewhat higher than the efficiency index arrived 
at by comparing two-flower samples. However, the ample number of flowers 
tested of the gamma and X-ray material gives a degree of reliability to these data not 
accorded to that summarized in Table 2. The results recapitulated in Table 3 
suggest an index of about 15. 
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The analysis of data concerning pollen lethal sectors in Datura furnishes another 
method of estimating and comparing relative mutation rates. The induced changes 
generally occur in limited sectors of the plant; however, the entire plant may 
be involved. These sectors develop from aberrant initials in the second layer 
of the plumule in the embryo. The X-ray data are too limited to be of comparative 
value (Table 4); however, results obtained by analysis of two-flower samples from 
plants that arose from gamma-ray-treated seed indicate that the equivalency for 
detonation fast neutrons does not exceed 800 rep by much, if at all, and there is a 
strong suggestion that the figure may be lower. 

A number of plants tested were found to bear the same type of mutation in both 
flowers. In other words, no sectoring was noted in these plants, and therefore they 
were not included in Table 4. Furthermore, the data show a direct correlation be- 
tween the induction of pollen lethals involving the entire plant and severity of ex- 
posure (Table 3). Plants possessing a single type of pollen aberration usually bear 
the chromosomal kind. The data indicate that a higher percentage of plants pos- 
sessing a single over-all pollen-abortion type resulted from exposure to 760 rep of 
fast neutrons than resulted from either a higher or a lower dose estimate. In 
fact, 122 plants of a total number of 197 with pollen lethals induced by exposure to 
a dose estimate of 760 rep of fast neutrons show a single type of aberration. Pollen- 
abortion types involving the entire plant are thought to arise when only a single, 
lightly hit cell of the second layer survives, the adjacent cells of this layer having 
been killed. 

Discussion and Conclustons.—The marked difference between the relative bio- 
logical efficiency of fast neutrons from a nuclear device and either gamma radiation 
or X-radiation is demonstrated by analysis of mutation rates as indicated by 
pollen lethals arising from exposed Datura seed. Fast neutrons apparently in- 
duced the same qualitative types of pollen lethals as the gamma rays and X-rays, 
but the sensitivity ratio, as determined by quantitative differences, is probably 13 
or 14. The dose estimate of 760 rep of fast neutrons is comparable with 10,000 r of 
either gamma or X-radiation. 

Giles, in his early study of the comparative effects of fast neutrons and X-rays,* 
noted that neutrons were more efficient than X-rays in breaking T'radescantia 
chromosomes. Previous to this report, Marshak!? and Marshak and Mallock® 
had shown the superior efficiency of fast neutrons. Various sensitivity ratios be- 
tween 2 and 6 were obtained from these data, and the greater sensitivity of the 
neutrons was attributed to the greater number of ionizations induced by protons 
than by the electrons of X-rays. 

Thoday and Lea‘ reported different sensitivity ratios for different types of chro- 
mosomal aberrations, and they obtain ratios as high as 10 for interchanges. The 
present work indicates the same relative sensitivity ratio for fast neutrons to X-rays 
whether chromosomal types of pollen lethals or gene types are compared. Either the 
same kinds of aberrations, in the same ratios, are caused by the different exposures, or 
the distinction between the two basic types of pollen lethals is considerably less 
reliable than is manifested by previous work.® * A recent study of injurious 
actions of ionizing radiations on seeds reports several differences in the actions of 
fast neutrons as compared to X-rays.'* Seeds were shown to be 20-30 times more 
sensitive to fast neutrons than to X-rays, and this sensitivity to neutrons was less 
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dependent on the physiological state of the seeds. Thermal neutrons have been 
shown to be about 11 or 12 times more efficient in inducing cytogenetic change than 
are X-rays.’ The results reported here, indicating a biological efficiency for fast 
neutrons from a nuclear device of about 13 or 14, suggest a restudy of the effects of 
thermal neutrons in relation to the cytogenetic effects of fast neutrons and X-rays, 
since the former superiority or greater effectivity of thermal neutrons was thought 
to result from the relative ease by which they are captured. Also, the reliability 
and accuracy which allow pollen lethals to be employed as criteria in distinguish- 
ing chromosomal aberrations from genic changes need to be substantiated and es- 
tablished. 

In summary, the relative effectiveness of fast neutrons from a nuclear detonation 
appears to be about 13 or 14 times that of either gamma rays or X-rays when 
mutation rates based on pollen lethals in Datura are compared. Further data con- 
cerning relative sensitivities are given and discussed in the following companion 
report. !4 


*A portion of the Atomic Energy Commission ‘Report on Genetic Effects of Fast Neutrons 
from Nuclear Detonations.’”’ Contribution from the Department of Botany, Smith College, 
New Ser., No. 59. This work has been aided by a grant from the Atomic Energy Commission. 
The authors wish to thank Dr. Harold Plough, of Amherst College, formerly assistant chief of 
the Biology Branch, Division of Biology and Medicine, Atomic Energy Commission, for his 
guidance and help in this undertaking. 
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THE EFFECTS OF FAST-NEUTRON RADIATION FROM A NUCLEAR 
DETONATION ON CHROMOSOME ABERRATION IN DATURA* 


By Henry T. Yost, Jr., JEAN CumMMINGS, AND A. F. BLAKESLEE 


AMHERST COLLEGE, AMHERST, MASSACHUSETTS; WESTERN RESERVE UNIVERSITY, CLEVELAND, 
OHIO; AND GENETICS EXPERIMENT STATION, SMITH COLLEGE, NORTHAMPTON, MASSACHUSETTS 


Communicated April 9, 1954 


Recent developments have made necessary a more extensive knowledge of the 
biological effects of radiations derived from the explosion of nuclear devices. Al- 
though vast quantities of data have been accumulated on the effects of radiations 
given under laboratory conditions, little information is at hand concerning the pos- 
sible effects of the terrific intensity of radiation from an explosion. As a matter of 
fact, until the recent combined biological tests made with the detonation of a 
nuclear device and partially: reported by Conger! and Kirby-Smith and Swanson,? 
no data had been released on this point. The present report represents some of 
the material gathered from the combined test and was designed primarily to answer 
this question: Is the intensity of the radiation from a burst sufficiently high to cause 
hitherto unknown biological changes? 

At the same time another problem was under study. The problem concerned 
the relative biological efficiency of fast neutrons; that is, it was an attempt to esti- 
mate how efficient (with respect to X-rays) fast neutrons are in producing chromo- 
somal aberration. Early work had indicated that fast neutrons were about 2-4 
times as effective as X-rays.’ Recently, however, Conger and Giles‘ have reported 
an efficiency for thermal neutrons of 15. Due to their ease of capture, thermal 
neutrons might be expected to be more efficient than fast neutrons; but the magni- 
tude of the difference seemed too great. Neutron dosimetry has never been simple, 
and it seemed wise to test the biological efficiency of fast neutrons with newer 
methods to determine the dose in roentgen equivalents. The detonation provided 
the source of fast neutrons, and suitable X-rayed control material was available to 
make the comparison. 

Experimental Procedures and Results —The procedure for handling the seeds has 
been described in the preceding paper of Spencer and Blakeslee,> which reports their 
study on pollen lethals induced by fast neutrons. In sampling the plants, an at- 
tempt was made to obtain slides from the first 50 plants of each treatment, 
wherever survival and time permitted. Buds were obtained from the plants, and 
acetocarmine smear preparations were made of the anthers. The metaphase and 
anaphase of the first meiotic division were scored for aberrations. Most of these 
were segmental interchanges and large deficiencies, as described previously.6 An 
attempt was made to have all configurations checked by at least two workers. 
The authors are indebted to Dr. Satina, who verified many of the configurations. 

All dose estimates used in this report for the fast neutrons were supplied by the 
Atomic Energy Commission, which conducted the tests. Some of the problems of 
dosimetry for the detonation have already been discussed.27 As has been pointed 
out by Kirby-Smith and Swanson,? there was some gamma-ray contribution to the 
total dose. The exact amount of this contamination cannot be determined at the 
present time, but it is probably of the order of 25 per cent. All doses are reported 
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as roentgen equivalents physical (rep) as they were supplied by the AEC. The 
treatments with gamma and X-radiation were conducted by Dr. Shapiro, of the 
Brookhaven National Laboratory, to whom the authors are greatly indebted. 

The effects of exposure to the detonation of a nuclear device on the chromosomal 
constitution of Datura are summarized in Table 1. It is evident that there is a 
great amount of chromosomal damage done with a relatively low dose (rep) of neu- 
trons. The data indicate that all types of aberration increase linearly with dose of 
neutrons, although the data are not extensive enough to construct a meaningful 
dosage curve. These findings agree with the data of others, which indicate that 
neutrons produce interchanges linearly, and not exponentially.2~* Unfortunately, 
there are not sufficient data available to permit conclusions to be drawn concerning 
the relationship of chromosomal aberration to dose of gamma and X-rays. Com- 


TABLE | 


INDUCED ABERRATIONS FROM NUCLEAR DETONATION 


Dose Plants Plants Showing Per Cent 
Hemisphere (rep) Tested Aberrations Aberrations 
G 2000 55 31 56 
I 1400 47 16 34 
L 760 56 12 21 
O 246 24 3 12 


TABLE 2 
INDUCED ABERRATIONS FROM GAMMA AND X-RAYS 


Dose Plants Plants Showing Per Cent 
(r) Tested Aberrations Aberration 
Gamma rays 10,000 42 8 19 
X-rays 10,000 23 4 17 
X-rays 20 , 000 29 10 34 


TABLE 3 


CoMPARATIVE EFFECTS OF DETONATION NEUTRONS, X-RAYS, AND GAMMA Rays 


Dose Plants Showing No. Chromosome No. Breaks per 

Exposure (rep) Aberrations Breaks Affected Plant 
Neutrons 2,000 31 88 2.8 
Neutrons 1,400 16 36 22 
Neutrons 760 12 29 2.4 
Neutrons 246 3 5 bes 
Gamma rays 10,000 8 22 2.7 
X-rays 10,000 4 10 2.5 
X-rays 20 , 000 10 25 2.5 


paring the figures in Table 1 with those in Table 2, which contains a summary of the 
data obtained with gamma and X-radiation, it is possible to see that the neutrons 
are much more effective. For example, 20,000 r of X-rays produce 34 per cent 
aberrant plants, whereas the same amount of aberration was produced by only 1400 
rep of neutrons. Because of the difference in the mode of action of the various 
radiations, it was deemed worth while to investigate the character of the aberra- 
tions produced in each case, that is, to determine whether the neutrons produced 
any types of aberrations which were not found in gamma or X-ray treatment or 
whether there was a tendency for the neutron-irradiated plants to have more com- 
plex aberrations. Table 3 gives a partial answer to this problem. In it is given 
the average number of chromosome breaks (estimated from the aberrations) in- 
duced per aberrant plant. The figure for the number of breaks induced in a par- 
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ticular aberration must be rather arbitrary. It is impossible to determine whether 
a segmental interchange involves more than two breaks in most cases, but there 
should not be too great an error involved in this estimate, as there should be at least 
as great a chance of getting two translocations as there is of getting one 4-break 
translocation. On the basis of these data, it would appear that there is no tendency 
for the cells derived from neutron-irradiated seeds to have more aberrations per 
cell than the gamma- or X-ray-treated cells. Table 4 indicates that no types of 
aberration were found that seemed to occur more frequently with one type of radia- 
tion than another at biologically comparable doses (that is, doses producing the 
same amount of aberration in the total). There is some indication that the number 
of breaks per cell may taper off at very low doses. Thus, at 246 rep of neutrons the 
figure drops to 1.7, slightly lower than the other figures. At this point, however, 
there are so few aberrant cells to study that the drop may only be apparent. It is 
doubtful whether any real qualitative difference exists at the lower dosages. 

Discussion.—The data just cited indicate that fast neutrons from the detona- 
tion of a nuclear device are about fourteen times as effective as gamma or X-rays in 
producing chromosomal aberration in Datura. These results agree with those of 
Kirby-Smith and Swanson,” obtained at the same detonation, with 7'radescantia. 
These authors found an efficiency of about 13. The agreement is remarkable when 
one considers the difference in radiation sensitivity of the two plants, the fact that 
one irradiated cell is haploid and the other diploid, the fact that one cell is in a dor- 
mant condition and the other quite active, and, finally, the fact that one set of re- 
sults is obtained from the chromosomes of the same cell that is irradiated and the 
other is obtained from cells which are the descendants of the irradiated cells. This 
relative biological efficiency (RBE) for fast neutrons is also in good agreement with 
the RBE found by Conger and Giles‘ for thermal neutrons (15). It is not in agree- 
ment, however, with the previously reported RBE of 2-4 for fast neutrons obtained 
by several other workers.* This discrepancy is probably the result of poor neutron 
dosimetry in the past. The improvements in dosimetry made in the past few 
years have provided a means of evaluating the effects of neutrons more critically.* 7 
Of course, it is true that the incident neutrons from the explosion would have a wide 
spectrum of energies but the control data obtained by Kirby-Smith and Swanson? 
with cyclotron neutrons do not show any differences due to this factor. The same 
thing is true for the effect of the intensity of the radiation. Although the explosion 
resulted in extremely intense radiation, the data of Kirby-Smith and Swanson,’ 
and those presented here, indicate that there is no apparent effect of the intensity. 
More extensive control data are necessary before any further conclusions can be 
drawn from the Datura material, but there seems to be no reason to assume that 
the high biological efficiency of the detonation neutrons is the result of “‘contami- 
nating” radiation or of the extreme intensity of the radiation. 

It is interesting that the type of chromosomal aberration induced by the deto- 
nation neutrons is closely parallel to the type induced by gamma and X-radiation. 
It is clear that neither the neutrons themselves nor the high intensity of the radi- 
ation tend to produce any hitherto unobserved chromosomal changes. It may 
seem surprising that there were not more highly complex aberrations found in the 
neutron-irradiated material. In their mode of action, neutrons produce rather 


drastic changes. As pointed out by Conger and Giles,‘ the captured neutron not 
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only produces densely ionizing particles within the nucleus but also causes damage 
to the structure through recoil of the capturing atom and its transmutation. It 
would seem likely that certain nuclei would be very severely damaged by neutron 
capture. However, in Datura there have been no cases observed in which highly 
complex aberrations were found resulting from neutron radiation, which were not 
duplicated in the X-rayed material. The fact that the cells observed are the prog- 
eny of the cells of the irradiated seed might be the cause of this equality of effect. 
The most severely damaged cells could quite easily perish before they went through 
the many cell generations necessary to establish a mature plant. On the other 
hand, some very complex types do survive (for example, one case showed four 
translocations and a deficiency), and there is no preponderance of these types with 
any particular type of radiation. So far as we are able to determine at this time, 
the neutrons are more effective than the X-rays and gamma-rays only in the fact 
that they seem to have a higher probability of producing an aberration in any cell 
which they enter than do the gamma or X-rays. Finally, it should be noted in this 
respect that, although thermal neutrons have been observed to produce some rather 
unusual types of aberration,® * no such changes were found to be associated with the 
detonation neutrons. It must be concluded that, so far as Datura chromosomes are 
concerned, no exceptional biological effects are induced either by the fast neutrons 
from the explosion or by the high intensity of the radiation itself. 

Summary.—Seeds of Datura were exposed to the fast neutrons from the explosion 
of a nuclear device. Data have been obtained from this material which indicate 
that the relative biological efficiency of fast neutrons to gamma or X-rays is about 
14. The types of aberration and the number of aberrations per affected cell are the 
same for neutrons, X-rays, and gamma rays. No new or unusual types of biological 
change were observed as the result of the exposure to the extremely high intensity 
of the radiation from the explosion. 


The authors are indebted to Professor H. H. Plough, who, as assistant chief of the 
Biology Branch, Division of Biology and Medicine of the United States Atomic 
Energy Commission, designed the exposures and placed the materials at the time 
of the detonation; and to Dr. Jacob Rietsema, Genetics Experiment Station, Smith 
College, who dried the seeds for irradiation. 


* Contributions from the Department of Botany, Smith College, New Ser., No. 60. This work 
was supported by contract with the United States Atomic Energy Commission. 
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BOUNDS FOR DETERMINANTS 
By J. L. BRENNER 
STATE COLLEGE OF WASHINGTON 
Communicated by H. S. Vandiver, March 31, 1954 


In this article generalizations of the “dominant principal diagonal’’ condition are 
studied (Theorems | and 2). Bounds are obtained for the determinant of a matrix 
which satisfies the generalized conditions (Theorems 3 and +). In the usual way, 
Theorems | and 2 can be used to delimit regions in which the characteristic roots 
of an arbitrary square matrix must lie. 

THEOREM 1. Let A = (aij); <j. ; < » be a matrix such that the absolute value of the 
principal minor on the first two rows exceeds the sum of the absolute values of the non- 


principal minors on those same two rows: 


Qy1, Ay Qj, Aik 
2 det > Vij <x det ‘ (1) 

21, A22 Aj, Ark 
Suppose that, moreover, the diagonal clement dominates in the remaining n — 2 rows: 
2\aiil > Dos lai; (7 ="3"4I ... 2,40). (2;) 


Then det A is not 0. 
Proof: From the last hypothesis, the minor (dij)2 < ;, ; < » +1 18 not singular, so 
that the equations 


aia + > > 2tjaij = 0 Cha Ses FP) (33) 
have a simultaneous solution, as do the equations 
Gio + pam o yj = 0 (t=, Ay: 98). (4i) 
It is possible to show, first, that for each value of 7 the inequality jj, + yj; <1 
holds. Indeed, let xz; + ye be the greatest of the values jxj| + |y,| (7 > 2). 
From equations (3) and (4) the inequality 


dik, (xe + ye) S aa + ain} + DO; > 2 \ass|(lai + ly) (5i) 


J#Ak 
follows. If ae, + Yr, were equal to or greater than 1, the inequality 
Akk| S om xk (Rj (6) 


would follow from relation (5g). But inequality (6) is inconsistent with relation 
(2,). Thus, for each value of j, the inequality |x; + |y;| < 1 holds. 

Now let equations (3) and (4) be used to transform A into a matrix of equal de- 
terminant; that is, let a linear combination of the last n — 2 columns be added to 
the first column, so that all but the first two elements in the first column become 0 
(the coefficients of the linear combination are xj). Similarly, let a linear combina- 
tion of the same columns be added to the second column, so that all but the first two 
elements of the second column become 0. The leading 2 by 2 minor of the resulting 


matrix is 2, where RF is 
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ay + Di > 2 LjMhj, Ae + pie > 2 Yiij 


aa DF > 2 UjMrj, Axx + a > 9 Yjlloj 


To prove the theorem, it is enough to prove that det Rk is not 0. To verify this 


fact, let det R be written as a sum of determinants: 


Qi, Aye Ay, Aj 
det R = det + Yjis2 yj det = 
A21, Are Q21, A2j 
Qj, Ay Qj, 
pt >2%; det + br k > 2jYk det 
Aj, A22 lg 


The part of the sum under the last summation sign can be rewritten 


Lj, Lk Qj, Qik 


Ds<j<e det det 
Yi, YR Q2j, A2k 


ay; 


» 2; 








The coefficient xjyz — vey; has absolute value less than 1, by virtue of the relations 


Lik xYy)| Ss [xy + ley) = (|z,| + yi\) (jare| + ly ) <h 


Thus det 2 is not 0 because of relation (1) of the hypothesis. 
This theorem can be greatly generalized as follows: 


THEOREM 2. Let A be the n by n square matrix (aj;). Leen = m+... 
ro+...+7rs be a partition of n into two or more parts. Let the absolute value of the 
principal minor on a certain group of r, rows exceed the sum of the absolute values of 
the remaining —1 + C”,, minors on those rows: let the absolute value of the principal 


— 


minor on a disjoint group of rz rows exceed the sum of the absolute values of the re- 


maining minors on those rows; etc. Then det A is not 0. 


It is possible for a matrix to satisfy the above hypotheses for a given partition but 
not for any finer or coarser partition. The only case of this theorem which has 


appeared in the literature is the “Hadamard” case, rj = 1. 


This theorem can be proved by a method similar to that used in proving Theorem 


1. However, it is advisable to use a second method, which yields at the same time 


. . | ! . > 
estimates for | det A | more exact than could be obtained by the first method. 


In 


fact, the method to be discussed could be pursued further so as to arrive at bounds 
for | det A| which are exact; but these bounds are too complicated to be of in- 


terest. 
Theorem 2 follows by induction from Lemma 1. 


Lemma |. Let each of 01, 2, . . ., os be real, non-negative, and less than or equal to 1. 
Letn = ry +... + % +... + 1s be a partition of n into two or more parts, and let 
the rows and columns of the matrix A be partitioned conformally into mutually disjoint 
sets of r1,.. ., Try. . -, s Indices. Let the principal minor on each set of indices be non- 
singular. Suppose, further, that (7) the product of o; by the absolute value of the 
principal minor on the ith set of rows is (for each 7) not less than the sum of the ab- 


solute values of the nonprincipal minors on the same rows. 
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Let C be the matrix which has the same elements as A in the kth set of columns and 
which is obtained from A by adding linear combinations of these columns to the other 
columns of A, the linear combinations being chosen so as to reduce to 0 the elements in 
the kth set of rows which do not lie in the kth set of columns. Let B be the submatrix of 
C obtained by omitting the kth set of rows and columns. Then B satisfies condition 
(7) [for the same values o; and the corresponding partition of n — rx]. 

It is part of the hypothesis that the determinant of the principal minor of A on 
the kth set of indices is not 0, so that the linear combinations of columns needed to 
form C from A exist and are uniquely determined. The proof of Lemma | can be 
written down, using ordinary formulas from the theory of determinants and the 
theory of simultaneous linear equations. But the lemma can be used to prove 
more than Theorem 2; in fact, it is possible to obtain upper and lower bounds for 
‘det A} from this lemma. 

TuroreM 3. Under the hypotheses of Lemma 1, a bound for | det A | is given by the 


relation 


det A = 1 a ; (Ag ine rq) Aye TG =k+1]1 (Ag a7 Lae 


where Ag, Iq, lq are defined as follows. Aq is the absolute value of the principal minor on 
the qth set of indices. rq is the sum of several terms, each term being a certain power 
product of oq, q+ 1, +--+, os into the absolute value of a non-principal minor on the qth 
set of rows. There is a term for each non-princtpal minor on the qth set of rows, the 
column indices of which come from the totality of indices in the qth, (¢ + 1)th, . . ., last, 
set of indices; the exponent of o, in the coefficient of such a minor is the number of 
columns of the tth set which actually are involved in the minor. The theorem is true 
a fortiori if all coefficients, i.e., all power products of the o’s, are replaced by 1. 
I, is similar to rq, except that the column indices involved come from the kth to the qth 
sets of indices, inclusive. 

This theorem is proved from Lemma | by induction. The induction hypothesis 
is that the theorem is true for the matrix B of Lemma 1. 

TuroreM 4. An upper bound for | det A | is the expression obtained from the right 
member of the above inequality by changing the displayed minus signs to plus signs. 


THE EIGENFUNCTION EXPANSION THEOREM FOR THE GENERAL 
SELF-ADJOINT SINGULAR ELLIPTIC PARTIAL DIFFERENTIAL 
OPERATOR. I. THE ANALYTICAL FOUNDATION' 


By Freurx E. Browper * 


INSTITUTE FOR ADVANCED STUDY, PRINCETON, NEW JERSEY 


Communicated by S. Lefschetz, March 3, 1954 


Let D be a differentiable n-dimensional manifold (n > 1), C.‘(D) the family of 
t-times continuously differentiable functions with compact supports in D. Let K be 
a linear elliptic differential operator of order ¢t on D, K+ its formal adjoint, Ko the 
restriction of K+ to C,‘(D). By a realization of K in L?(D), we shall mean a closed 
linear transformation K, in L?(D), which is a restriction of Ko* and whose domain 
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contains C,‘(D). Such a realization A, is said to be regular if it has only point 
spectrum of finite multiplicity and if for every ¢ not an eigenvalue of Ay, (A, — 
tI)~' is a compact linear transformation of L?(D). A, is said to be singular if it is 
not regular. 

In several recent notes and papers we have shown the regularity of elliptic partial 


differential operators and strongly elliptic systems of differential operators on 


bounded domains of Euclidean n-space under various boundary conditions, with 
assumptions on the regularity of the coefficients at the boundary of the domain.? 
The method developed there applies with only formal alterations to any precom- 
pact subset of a manifold. As a consequence, the existence of expansions in series 
of eigenfunctions of K was established under the given boundary conditions if K is 
formally self-adjoint and even, with a suitable generalization of the notion of eigen- 
function, if K is not self-adjoint. 

In the case of ordinary differential operators there has existed since 1910 a theory 
of eigenfunction expansions of the Plancherel type for singular self-adjoint differ- 
ential operators, originated by Weyl for the second-order case, simplified by Stone, 
Titchmarsh, and others, and extended to the nth-order case by Kodaira.* Ex- 
tensions of this theory to partial differential operators have been carried through in 
the mathematical literature only for the special case of Au + Vu on special do- 
mains by Carleman‘ and Povzner® and without a complete extension of the Wey] 
theory. The singular realizations of (A + V) have also been studied by Friedrichs® 
under restrictions on V that make the realizations semibounded but without results 
on eigenfunction expansions. 

It is the purpose of this note to present in outline the proof of the existence of 
eigenfunction expansions of the Plancherel type corresponding to any self-adjoint 
realization of a formally self-adjoint linear elliptic system of partial differential op- 
erators. No assumptions on boundedness of domain, on regularity of coefficients 
near the boundary or “‘at infinity,’’ or on semiboundedness are required in our dis- 
cussion. As a consequence, this theory can be carried through for the general 
elliptic system rather than for the restricted case of strongly elliptic systems, for 
which the regularity of the smooth-boundary-value problems could be established. 

The proof utilizes (a) the operator techniques used by Weyl and Kodaira in their 
work on ordinary differential operators, along with a procedure suggested in a note 
by Mautner’ for defining the eigenfunctions as Radon-Nikodym derivatives; (b) 
the author’s previous results on. local regularity properties of solutions of elliptic 
systems. The heart of our discussion is Theorem 3, which asserts that if K, is 2. 
self-adjoint realization of an elliptic system and Jm(¢) # 0, then (K, — ¢/)~” is 
an integral operator of Carleman type for m > n/2/. An especially interesting fea- 
ture of this theorem, as well as of Theorem | on eigenfunction expansions, which 
is derived from it, is that no use is made of any specific analytical characterization 
of the self-adjoint realization K,. The proofs, as a result, are of interest even in 
the classical case of ordinary differential operators, which is implicitly included in 
our theorems. 

1. Let K be asystem of r differential operators of order ¢ (r, ¢ > 1) with complex 
coefficients, acting on r-vector functions u = (w,..., u,), 

: OU; 


Gp, ... ke: 1,5 (2) — (i=1,...,7), (1.1) 
, ks 
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where the coefficients a,,._.,,; ;, ; and the functions u; are defined on an open 
subset, D, of HE”. (The restriction to a single co-ordinate system is made for sim- 
plicity of notation, but the proofs are valid for an arbitrary manifold.) K is said 
to have suitably differentiable coefficients in D if ay, x,; ; € cr“. 

The characteristic matrix A(x, £) of the system K is defined for every x in D and 
every real n-vector — = (&,..., &,) by 


n 


aij(x, £) = bw Qky.. kes i,7 (x) En, <0 Ey. 
ki... ke =1 
The system K is said to be elliptic if A(z, £) is nonsingular for every x in D and 
every & # 0. 
The system K+ formally adjoint to K is defined by 
, s O'(4x, we hai dy te Uj) ; 


Ka) = —] 
( ) j=z=lk ee ks ) OX, . , Op, 
eae 


K is said to be formally self-adjoint if K = Kt. 


L® "(D), C* "(D), C.°: "(D) are the families of r-vector functions whose complex- 
valued components are, respectively, square-summable in D, j-times continuously 
differentiable in D, and infinitely differentiable with compact support in D. L® (D) 
is a Hilbert space with respect to the inner product 


- 
(u,v) = > u,v; dx. 
i=1 D 
(Integration is taken with respect to Lebesgue n-measure.) 

Let K be formally self-adjoint, Ko the restriction of K toC,.°'"(D). Then Ko isa 
symmetric operator in L® "(D). 

We shall consider a self-adjoint extension K, of Ko (which will certainly exist if 
K has real coefficients) and its resolution of the identity { Ey}. 

By an eigenfunction expansion for K on D with respect to Ki, we shall mean a 
finite or infinite sequence s“ (xz, X) of r-vector functions on D X E! and a corre- 
sponding series of measures |p“)! on E, for which the following five conditions 
hold: 

1. For each k and each \ ¢ E!, s™(—, \) « C* "(D) and (K — dA)s (az, A) = 0. 

2. For each k, s is measurable on D X E' with respect to the product of Le- 
besgue n-measure on D and p“ on E'. 

3. For each k and for any f in L® "(D), the integral defining 


QO) = Lf s(x, )fila)dx 
i=1 JD 


exists in the square mean of p™, g® « L?(p). If T*f = g™, T™ is a partially iso- 
metric mapping of L®: 7(D) onto L?(p). If H™ is the subspace of L? ’(D) mapped 
isometrically onto L?(p™) by T™, then 


L* "(D) = » @H®. 
r 


In particular, 





Vou. 40, 1954 MATHEMATICS: F. E. BROWDER 


fl? =D |lgMl|ze. 


k 
4. For each f in L® "(D) and each fixed k, the integral defining 
S(a) = So si (x, Ng dp (A) 
exists in the square mean on D. Furthermore, 


f= Ds. 


k 
5. Ifv, pe FE’, 
(Ey — E,)f{ (x) = Sf," s;(z, d) g,(A)dp™ (A). 


Our basic result on eigenfunction expansions is the following: 

THEeoREM 1. (a) Let K be a formally self-adjoint linear elliptic system with suit- 
ably differentiable coefficients in D. Let K, be a self-adjoint extension of Ko. Then 
K has an eigenfunction expansion with respect to K, on D. 

b) If \s(a, d)} is a sequence of eigenfunctions of an eigenfunction expansion 
satisfying conditions 1-4, then there exists a self-adjoint extension K, of Ko for which 
condition 5 holds for this expansion. K, and the sequence | p“} are uniquely deter- 
mined by the sequence {s} of eigenfunctions. 

The proof of Theorem 1 combines Hilbert space arguments with the results on 
the local behavior of generalized solutions of elliptic systems contained in Theorems 
2and3. It is given in detail in the following note (pp. 459-463). 

THEOREM 2. Suppose K is a linear elliptic system of differential operators of order 
t with suitably differentiable coefficients in D. There exists a countable subfamily 
S = }¢'! of C.°:"(D) such that the following conditions are valid: 

Let x be a point of D, and N, and N» neighborhoods of x, in D such that the closure 
of N, is contained in No. Let S* = {¢'|g' € S, gv « C.”’" (N2)}. For sufficiently 
small N, there exist (r X r) matrix functions rj;(x, z), 8i;(x, 2), defined for (x, z) «Ni X 
No, such that: 

a) If y « L® (Ne), if the components of u are summable on compact subsets of No, 
and if 


[u, K+(¢')] = (7, &) for all ¢' € S, 


then, for almost all x in N,, 


~ : rik yiiaeek isi dhs 


j=1 N j=l 


After replacement on a set of measure zero, u ¢€ C’"(N») fors <t — n/2. 
b) If y satisfies a Holder condition in No, then, after replacement on a set of measure 
zero, we CC” (No) and Ku = y. 
) There exists M(N,, N2) such that 
| r4(x, 2)| < M(N,, Ne) for x « Ny, z € No. 
d) There exists M(N,, N2) such that 


Si(a, 2 < IMM, — (x, 2)P-*, t—n<0 
mm S VMN, A ) ({log r| + 1) r(z, z2)*-*, t—n>0. 
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Proof of Theorem 2: The proof is a generalization and slight refinement of that 
of Theorem 1 of Paper III.” 

THEOREM 3. Let K be a formally self-adjoint linear elliptic system of differential 
operators with suitably differentiable coefficients in D. Let Ko be the restriction of 
K toC®'"(D), Kya self-adjoint extension of Ky in L*"(D). Let Im(¢) # 0. Then: 

) For m > n/2t, (Ky — ¢1)~” ts a bounded integral operator of Carleman type in 
L* "(D), i.e., there exists an (r X r) matrix function Gij(a, z) for which Gij(x, —) « 
L*(D) for each « in Dand 1 < i,j < 1, while 


(Ky ies i)” mgt =>, po ayfi(z 


b) (Ky, — &1)~™f « C’ "(D) for every f « L® (D). 

Proof: Since Im(g) # 0 and K;, is self-adjoint, (AK, — ¢J)~! exists and is a 
bounded operator in L? ’(D). As a consequence, (AK, — ¢J)~” is a bounded oper- 
ator in L?"(D). Suppose u = (K, — (1)~"fforfeL*"(D). Then, if ge C2" "(D), 


(f, ¢) = [Ki — oD)", @] = [uy (Ki — ED)™el [u, (K — Hel. 


If we assume that the coefficients of (K — ¢/)” are suitably differentiable,’ it follows 
from Theorem 2(a), that u « C’’ ’(D), from which b of Theorem 3 follows. Further- 
more, if x is any point of D and Ne any neighborhood of x contained in D, then, by 
Theorem 2(a), there exist functions 7;;(2, 2), s;;(a, z) defined with respect to the ellip- 
tic system (K — ¢J)” such that 


u;(x) a rij(X, 2) Uj(z) dz + . \ sult, z) fiz) dz. 


j=) No j=1 


with | ri(a, z)| < MNS, | sij(x, z)| < M(N2)- 
jr"~" if mt — n <0, 
™ "(1 + | log r|) if mt — n > 0. 
Since mt — n > (n/2) — n = —n/2, the functions s,,(a, —) liein L?(D). Applying 
Schwarz’s inequality to (1.4), we obtain 
| us(x)| < Cifllul] + {sll} < Cad + || — D-III]. (1.5) 
Thus u;(x), for each 7 and each z in D, is a bounded linear functional of f in L® "(D); 
and, by the Frechet-Riesz theorem, there exists H;, , « L® ’(D) such that 
u(x) = (f, Hi, 2) SG @ },. 0.5) 
If we set G;,(a, 2) = (H_,);(2), we have 


u(z) = & f ule 2) f(z) de, 
j=1 D 


and the proof of Theorem 3 is complete. Q.#.D. 


1 John Simon Guggenheim Memorial Foundation Fellow. The results of this and the following 
note were presented to the American Mathematical Society in October, 1953. 

2 F, E. Browder, (1) “The Dirichlet Problem for Linear Elliptic Equations of Arbitrary Even 
Order with Variable Coefficients,” these PRocrEDINGs, 38, 230-235 (1952); (II) “The Dirichlet 
and Vibration Problem for Linear Elliptic Differential Equations of Arbitrary Order,” ibid., 38, 
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’ This assumption of greater differentiability of the coefficients of K may be removed by a 
simple device. 


LIGENFUNCTION EXPANSIONS FOR SINGULAR ELLIPTIC 
OPERATORS. II. THE HILBERT SPACE ARGUMENT; PARABOLIC 
EQUATIONS ON OPEN MANIFOLDS 


By Fe.rx E. BRowDER* 
INSTITUTE FOR ADVANCED STUDY, PRINCETON, NEW JERSEY 
Communicated by S. Lefschetz, March 3, 1954 


It is the first object of the present note to outline the proof of the eigenfunction 
expansion theorem, using the analytical tools discussed in Paper I, above.' In 
addition, using similar methods we establish the existence of solutions of mixed 
initial-boundary-value problems for a large class of self-adjoint parabolic equations 
on open manifolds with boundary. The technique using the spectral resolution of 
self-adjoint realizations of the associated elliptic operator is the analogue in the 
singular case of the expansion in a series of eigenfunctions developed by the author 
in a previous note on regular parabolic problems. A similar technique for the heat 
equation for forms on open Riemannian manifolds has recently been developed by 
Spencer and Gaffney. They do not, however, obtain as extensive results on the 
differentiability of solutions. 

Proof of Theorem 1: If we are given the self-adjoint extension K, of Ko, with its 
resolution of the identity \E,}, for each element v « L? "(D), we define H, to be 
the space spanned by the elements | H(A)v}, where A ranges over the Borel sets of 
E', and F(A) is the projection associated with A by the spectral resolution of Ky. 
We may choose a sequence of elements {v“} (finite or infinite) by induction, so 
that the corresponding subspaces H® = H,“ are pairwise orthogonal and span 
L?"(D). For each k, we define the Lebesgue-Stieltjes measure p™ (A) = [E(A)v™, 

= | E(A)v™)/?. It follows from the operational calculus in Hilbert space that 
iff is any element of H, there is associated with it a function g ¢ L?(p“), unique 
up to sets of p™ measure zero, for which 


f® = Sus g™ (A)dEyv k) 


Further, |f|) = ||g!|,q. If we set 7 to be the transformation from L* "(D) 
® and maps (H)+ into 


into L*(p“)) which, to each f in H™, assigns its associated g 
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0, then 7 is a partially isometric mapping of L? '(D) onto L?(p). Since 
I : Pp} p 


fa) = Sng? dA, v) (2)  (¢ = 2,...,7), 
we shall first show that 7 ~! mapping L?(p“) onto H™ is an integral transforma- 
tion. By the Radon-Nikodym theorem, it suffices to show that the measure 
| B(A)v*} (x) is locally absolutely continuous with respect to p®. But 
{E(A)o*} (a) = {(Ky — )-™(K, — SD)" E(A)E(A®} (2 (2.2) 
If R(A) = (K, — (J)"E(A), it follows from Theorem 3 (Paper I), since (A, - 
¢I)~” is an integral operator of Carleman type, that (A) is an integral operator of 
Carleman type and that 
| E(A)v¥} (x)| < Cl|R(A)]] || E(A)o*] = C ||R(A)|| | p*(A)}'”? (2.3) 
If we restrict our attention to Borel sets A lying in the interval | A] <a, 
| B(AW} (x)| < Ctl o] + |e] fo (A), 
and the absolute continuity is established. If we define m;“(x, \) for each fixed 
xin D, as the Radon-Nikodym derivative of (2,v*) (x) with respect to p™, we have 
f(x) = Sur g® (ym: (x, dp (A). (2.5) 
As a simple consequence of Theorem 3(b), and equation (2.2), | A(.A)v"t (x) for 
fixed A is a ¢-times continuously differentiable function of x in D, while for fixed z 
in D it is locally absolutely continuous in A. The variation of (#,v),(2) on the 
interval A = ||\| < ot is easily seen to be < (| o| + [¢l) {lol ll4,. ,||, which is 
uniformly bounded for x in a compact subset of D. 
Thus, if D, is any compact subset of D, there exists V(D,, A) such that 
Ss |m®(a, )|dp(A) < N(Dj, A) for xeD,. (2.6) 
m; (2, \) is measurable on D X E' with respect to the product of Lebesgue n-measure 
on D and p™ on E'. 
It follows from Theorem 2 that for any bounded Borel set A of #', E(.A)v* belongs 
to C’ "(D) and [setting u” = E(A)v] Kyu” = Kut. By the spectral theorem, 


Kw” = Sy dEyu, (2.7) 
and hence for almost all x in D 
(Kyu) (x2) = Ss \d(Eyv) (2) = Sa dm, (a, rA)dp™ (A). 


For any ¢‘” eS [the countable subfamily of C,“'"(D) chosen in Theorem 2], 


(Ku, 9) = (Kyu, 9g) = a So oi (2) Ne iA Am; (a, A)dp® (x) } dx. 
(2.8) 


Since u lies in C* "(D), 


(Ku, o) = (u®, Ke) = Yo SoKile) dx) { Se mi (a, X)dp()} de. 
(2.9) 





ma- 
sure 
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By the measurability of m;(x, \) and formula (2.6), we may apply Fubini’s theo- 
rem and interchange the order of integration. We obtain 


Sh ES So mi (x, d) Drei (x) — Kile) Jdx} dp (d) = 0. (2.10) 
i=1 


Since equation (2.10) is true for every bounded A, it follows that, except for » in 


(k) 


A, ., aset of p™ measure zero, 


DY Som: (2, W(K — dA) A¢')(x) dx = 0. (2.11) 
1=1 
For \ in the complement of 


Aj, ors A, 
1=1 
aset of p\“ measure zero. equation (2.11) is valid for all g inS. By Theorem 2(b), 
after replacement on a set of measure zero in D for each d @ A;, m“’(a, d) is equal to 
an eigenfunction s“ (x, \) of (K — A) lyinginC"’(D). Fore A,, weset s“’ (2, A) = 
(). 
To verify that the sequences of eigenfunctions {s“? (a, \)} and measures p'” thus 
obtained yield an eigenfunction expansion of K with respect to A, we need only 
show that the transformation 7” is the same as 


y=> fir N)fi(a) dx. (2.12) 
i=1 D 


For f with compact support in D, g compact support in H!, R” the restriction of 
T” to H”’, it follows from Fubini’s theorem that 


(f, R®'g) = (SF, g). (2.13) 


Thus S“’ maps the orthogonal complement of H“? into zero. Further, (7"’f, g) = 
(f,R®—1g) = (S“f, g), which implies that 7“ = S“ ona dense domain of L?(D). 
The integral in equation (2.12) thus exists in square mean in p“”’ for f in L?(D), and 
Theorem 1 follows. 

If we are given an eigenfunction expansion satisfying properties 1-4 (Paper 1) 
and we define the spectral family | £,} by property 5, | £,} is isomorphic to the direct 
product of the spectral families }P,?} on L?(p), where P™(A)f for the interval 
A = (A, u) and f « L?(p™) is the function f,; = fon A, = 0 outside A. The spectral 
family |Z} gives rise to a self-adjoint operator K, = §© \ dE,. We must verify 
that C.”’ "(D) lies in the domain of K, and that K, restricted to that domain equals 
Ky. For geC.”'"(D), however, 


Ey¢) (x) = fa Bi fog) cs (y, \)¢;(y) ) dy dp (r (2.14) 


\; 


P 
> f s'(y, )ej(y) dy = ) ae | 8(y, Key) dy, 
J D ng D 


8o that 
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l 
U(Eyge) (x) = ) dh Ke) (x), 


implying that ¢ lies in the domain of K, and K;(g) = K(¢). 

If the {s*(x, \)} of an eigenfunction expansion are given, so are the Mappings 
T®. Thus, if |p! and | p,! are two sequences of spectral measures, L*(p) 
and L?(p,;") have the same elements with the same norm assigned in each. This is 
obviously only possible if p“(A) = p:(A) for all Borel sets A. Thus the measures 
}p; are determined, and consequently the self-adjoint extension K,. It is easy 
to see also that the eigenfunction expansion for K, is unique up to a choice of the 
spaces H or equivalently up to a choice of the eigenfunctions { s(x, d)}. 

3. In this section we shall assume that K is a formally self-adjoint linear elliptic 
system of differential operators of order 2m (m > 1), with suitably differentiable 
coefficients in D such that (—1)”K is bounded from below on C,“'"(D), i.e., there 
exists a real number Ag for which 


[(—1)"K(¢), ¢] => Ao(¢, ¢) for ge C”’"(D). 
Since, under this assumption, Ko is a semibounded symmetric operator in L” ’(D), 
there exist semibounded self-adjoint extensions K, of Ko. 
By a mixed initial-boundary-value problem for the parabolic equation 


oe . (hee (3.1) 


with respect to a given K, and a given g e L® ’(D), we shall mean the problem of 
finding u(x, ) defined on D X R, R = {t/t > 0}, such that 


a) u(—, t) eC2™ "(D) for i > 0. 

b) u(x, —) €C”'(R) for x « D. 

c) u satisfies equation (3.1) for x « D, t > 0. 

d) For each t > 0, u(—, ¢) lies in the domain of K,. 
e) u(—,t) gin L? "(D) ast 0. 


TuroreM 4. Under the hypotheses of this section, the mixed-initial-boundary- 
value problem for equation (3.1) with respect to K, and g always has a solution. 

Proof: Let }E,} be the spectral solution of K,. By assumption, there exists a 
real number A,, such that 


[(—1)"Ky, u, wu] > Au, u), ue D(K)). 
The solution u will be defined by the formula 
u(—,t) = Jmexp {(—1)"* ra} d(Eyg), i>0. (3.2) 


Since the spectrum of (—1)"K, is bounded from below by Ai, equation (3.2) is well 
defined for 1 > 0, and u(—, t) > gin L® "(D) ast > 0. 
Let ¢ be a complex number such that Im(¢) # 0. Then 


. ; m+1y¢ nals 
(Ki — o'u(—, 0) = Sin QW — HEY” d(Eyg) (3.3) 


m 
1) 


: : ; : ; , oe Ie, ; 
is well defined for ¢ > 0 for any j > 0, since (A — ¢)’ e ‘is bounded for \ on the 
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(p) 
his is 
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easy 
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spectrum of A, and fixed ¢ > 0. As a consequence, u(—, ¢) lies in the range of 
(K, — ¢I)~’, and by Theorem 3 of Paper I, after a replacement on a set of measure 
zero, u(—, t) liesin C"’(D). If Eyg(x) is the smooth representative of its equiva- 
lence class in L® ’(D), for any Borel set A in E' lying in the interval |A| < o, by 
Theorem 3 of Paper I, 


E(A)g(a)| = | (Ki — ¢1)-4(K, — ¢1)’E(A)g(a)| < C(lol + lel ilgl. 
Therefore, for any integer r > 0 the integral 


m+1 
(-—1)°"-" fn” ” d[Eyg(x) | (3.4) 


converges uniformly for x in a compact subdomain of D,t > «> 0. Fors = 0, 
this integral must equal u(x, ¢) almost everywhere in D and, since both are con- 
tinuous, everywhere in D. For s > 0, expression (3.4) is the result of differentiating 
the integral expression for u(x, ¢) with respect to /, s-times formally under the in- 
tegralsign. Thus u(2, t) liesin C “''(R). 

By construction, for 4 > 0, u(—, ¢) lies in the domain of AK, and Kyu(—, t) = 
Ku(—,t). Thus 


2 a BI: , Ou 
(—1)"*1Ku(—, t) = (-—1)"7! Sn: e' 1) Md(E), g) (x) = or: 


If A, is nonnegative, the solution of Theorem 4 is unique. 


* John Simon Guggenheim Memorial Foundation Fellow. 
! These PROCEEDING, 40, 454-459 (1954). 
* The arbitrary complex number ¢ with Jn (¢) # 0 is fixed throughout the discussion. 


GENERALIZED RIEMANN SPACES AND GENERAL RELATIVITY. I* 
By LutTuer P. EIseNHART 
FINE HALL, PRINCETON UNIVERSITY 
Communicated March 16, 1954 
In the generalized theory of relativity the fundamental equations are! 
vh yh 
Jij,k = Jnyl ik + Jinl kj: (1) 
Here, and in what follows, a comma followed by an index denotes the derivative 
With respect to 2 with this index; thus gj; , = 0gi;/02". 
Denote by gi; and g;; the symmetric and skew-symmetric parts of gi. Denote 
by Pe the Christoffel symbols of the second kind in terms of g;;.. Then equations 
of the form 


~ iat fr 
J ij, r= Jniri ks + Jhi i sks 


are identities. 
lhe symmetric part of equation (1) is 
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8. 


sh yh sh h ‘ 
Jij, 5 > Jnjl ik = Jnil jx + Jnjl ik + Jnil’; ky (3) 


where I’, and I", are the symmetric and skew-symmetric parts of the coefficients 
» ~ i ° sh ee . ° 
of the affine connection Tj, and similarly for other coefficients. 
Put 
aA ees fh 
Py I Dla Qi k ais | et (4) 


Then a’, is a tensor symmetric in its indices, and I’, is a tensor; that these are 
tensors follows from the equations connecting the coefficients of affine connection 
in two co-ordinate systems.’ 

By means of (4) and (2), equation (3) reduces to 


hd h ." sh 
nj Vik F Yni Ge + YniV ik + InV jx = O. 
When this equation is added to the two equations obtained from it by permuting 
i,j, k eyclically twice, the result is 
h h ao 
Ynj Qik F Inidik F Yneai; = 0. 


Hence the above equation may be replaced by 
a sh sh sah 
GnkQijy = Jnjl ik + Jnil jx. (9) 
On the assumption that the determinant of the quantities g;; is not identically 
are uniquely defined by 


um 


a h 
zero, quantities g 
hm 


o"gnx = Op. 


where 6; is a Kronecker delta. Accordingly it follows from (5) that 


h hm yl “We . 
a; = g- (gul im + Jul jm): (6) 
From (1) it follows that 
cometh ? h fh. re 
9°°9ij,« = 2g = Wane + cvs), (4) 


where 9"g;, = 5x. 


In accordance with the rules of differentiating a determinant, the left-hand member 
is 2(log w), k, where w is the square root of minus the determinant of g,;. Also, 
|. is (log w), k, where w is the square root of minus the determinant of gj).° 


a, =a’, = (io 7) k. (8) 
Ww 


Contracting equation (6) for and h, one has 


Hence 


hm 


al 
ai= g Gurl im (9) 
The skew-symmetric part of equation (4) is 


913, ; GnjVie + gin + Gul = nil (10) 
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(3) By means of (4) this equation is expressible in the form 
h h ’ 
nts Yis; k = Jnj%ik + Jin jk + I kj Dass (I 1) 
where 
ss fh fh 
(4) GYij;k = Gij,k — Ynjliksy —~ Vihtikss 


that is, g;;. » denotes the covariant derivative of g;; in terms of the Christoffel sym- 


are 
ie bols. This notation of a semicolon followed by an index is used throughout this 
paper. 
From (11) it follows that 
1 ’ . al ») 
5 (Gis; k + Jin; iH Ons; a) = Vy + Tet + Dix. (12) 
ng : 5 ra ‘ a a 
Equation (12) may be replaced by equations of the form 
% 1 s ‘ 
Dy ix = 9 J ij; k + Diix, (13) 
provided that the tensor b;;,, skew-symmetric in the first two indices, satisfies the 
5) condition 
ie Dyk + Ong + bu; = 0. (14) 


In order that the Einstein equation‘ 





’ k kn 
ry=rh, = oI 


jik 


may hold, it is necessary that 
b) tk | 
J \ 59:4 + byx ) = 0. 
This condition as well as (14) is satisfied by 


I] 
Dix = (2931; e+ Gixs i + Gri; 3) 


6 
al In this case equation (13) becomes 
O, 
3 : I 
D yx — 3 Ajix, (16) 
where 
}) 
1 ze 
Ajix = Anji = Nix; = 5 (Gi: 3 + Q jx: i + Gxi; j)- (17) 
) By means of (16) and (17), equation (11) becomes 
‘ ‘ h hy 
2915; « + Gin; 5 + Gui; i = B(GniGin + GinQjx). 
) From (6) one has 


h hm vl of 
Qin = 9 (Yu I im + Jril km) 
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by means of which and (16) the above equation is 
‘ hm / l l / l ) 
29 ij, + Gin: 5H G9; 6 = GF [Gu(GnsAim — IniAjm) + (GriGns — GuGni) Mem]. (18) 
The question is whether (16) gives the only solution of equation (12). If there 
is another solution, there is no loss in generalization in writing it in the form 


l 
Dix = 3 (Ajix + Cyie), (19) 


where cj; is a tensor, skew-symmetric in the first two indices, satisfying the condi- 
tions 


Chik + Crji + Czy = 0, gC = 0. (20) 


The second of these equations is satisfied if c;, is skew-symmetric in the last two 
indices, but in that case all of the c’s are zero, as follows from the first of equations 
(20). If any e;, is not skew-symmetric in the last two indices and satisfies the first 
of equations (20), the second of (20) imposes conditions which are in addition to 
those imposed by the equations 


‘ 9,,hm l ql yl 
2. ij; k + Jik: j = kj: a 3g (Gue(Gnjl im 1 Jnil jm) + (Juin oe Juni) 1 heal 


which equations replace equations (18) in this case. 

When the expressions for the I’’s, which have been obtained from equations of the 
type (1), are substituted in equation (1), the result is an identity. Hence when the 
condition of integrability is applied to equation (1), the result is an identity. When 
equation (1) is written in the form 


sh sh ‘ yh 
9iu,k >= Jnl ik + Gul jk 2G inl jx ’ 
the resulting identity is 


yh sh ¢ vhi sh 
Ynj\ ikl ate Jind jx ai 2gin(I je/t ~~ Diy k) = 0, 


where 
yh sh yh yr ph yeyph 
Pix = Lei i ti) k ate D541 Pil rk 
is the fundamental tensor of the Einstein theory, and 


vh sh sr ph sh ye vho 
Dye = Die opel — Tala — TEP a, 


; . . , ae " < : : 
that is, the covariant derivative of I, in terms of the coefficients of connection 
r i 


a 


When equation (21) is multiplied by g" and contracted for 7 and J, the result is 
1 Vg 
, rl sh . sh 
Tix = Ini I ilk + 27 5x. hs 


in consequence of (15) and the fact that I’, is skew-symmetric in the last two 
indices. 


* See these PROCEEDINGS, 39, No. 6, 546-551 (1953). 

1A. Einstein, The Meaning of Relativity (4th ed.; Princeton: Princeton University Press, 
1953), pp. 138, 144. 

2 L. P. Eisenhart, ‘“Non-Riemannian Geometry,”’ Am. Math. Soc. Pub., 8, 8, 9 (1927). 
3, P. Eisenhart, Riemannian Geometry, Princeton: Princeton University Press, 1926), p. 18. 
* A, Einstein, op. cit., p. 146. 





SUR LES GROUPES D’EILENBERG-MAC LANE H(i, n): I. METHODE 
DES CONSTRUCTIONS 
By Henri CARTAN 
UNIVERSITE DE PARIS 
Communicated by Saunders Mac Lane, April 28, 1954 


1. Notion de DGA-Algébre.—Soit A un anneau commutatif avec élément unité 
| ~ 0 (dans les applications, A sera l’anneau Z des entiers ou le corps Z, des entiers 
modulo p, p premier). Soit A une A-algébre (associative, avec élément unité noté 
encore 1; on identifie A 4 une sous-algébre de A). A est une algébre graduée si on 
s'est donné des sous-A-modules A; (k entier) tels que A, = 0 pour k < 0, xy € Ags 
pour x « A, et ye A,; done 1 € Ao. Une algébre graduée A est anticommutative si 
yz = (—1 ry pour x € Ay, y € Ap. 

Le produit tensoriel A @, A’ = A” de deux algébres graduées est une algébre 
eraduée, avec graduation et multiplication définies par 


A, = S| A @ Ay’, 


k+h=q 
(a @ a’) (b @ b’) = (—1)™ (ab) @ (a’b’) pour a’ € Ay’, b € Ay. 


Si A et A’ sont anticommutatives, A @ A’ est anticommutative. 
Une differentielle sur une algébre graduée A est une application A-linéaire d: 
A= A telle que 


dd = 0, adl(Ay) € Axi: d(ay) = (dv)y + (-1 )*x(dy) pour wv € Ax. 


Une algébre différentielle graduée posséde une algébre @’homologie H(A) = > H;(A). 
k 


Une augmentation est une application A-linéaire «: A — A telle que e(1) = 1, 
e(xy) = (ex) (ey), ex = O pour x ec A; (k > 1), ed = 0. Par passage au quotient, 
edéfinit une augmentation Ho(A) — A. 

Une algébre différentielle graduée et augmentée A est acyclique si H,(A) = 0 
pour k > 1, et si ’augmentation Ho(A) — A est un isomorphisme. 

Pour abréger, on appelle DGA-algébre une A-algébre différentielle graduée, aug- 
mentée, 4 multiplication anticommutative, et qui, comme A-module gradué, posséde 
une base contenant | et formée d’éléments homogénes. Soient A et A’ deux DGA- 
algébres sur A; on définit sur A @,A’ une structure de DGA-algébre en posant 


d"(a @ a’) = (da) @ a’ + (—1)* a @ (d’a’) pour a € A, 
"(a @ a’) = (ea) @ (e’a’). 


Une application A-linéaire f: A — A’ s’appelle un DGA-homomorphisme si f(A,)'¢ 
A,’, f(1) = 1, f(xy) = (fx) (fy), d’f = fd, ef = « Une telle f induit une applica- 
tion A-linéaire fx: H(A) — H(A’) compatible avee les structures multiplica- 
tives, les graduations et les augmentations. 

Le produit tensoriel de deux DGA-homomorphismes A — A’ et B > B’ est un 
DGA-homomorphisme A @ A’ > B @ B’. 

2. Notion de Construction.—Une construction (A, V, .) consiste en la donnée 
(i) d’une DGA-algébre A sur l’anneau A; 


467 
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(ii) d’une A-algébre graduée anticommutative NV, ayant une base homogéne con- 
tenant 1, et telle que tout élément de base # | soit de degré > 0; 

(iii) d’une différentielle sur l’algébre graduée anticommutative M = A ®, N, 
telle que (1) Vinjection A — M (définie par a > a @ 1) soit compatible avec les 
différentielles de A et de WM; (2) si on munit M de l’augmentation ¢€ définie par 
e(a @ 1) = e(a), M soit une DGA-algébre acyclique. 

Soit une construction (A, V, ); Vhomomorphisme M — N (dit “projection’’) 
qui envoie a ® n dans (ea)n, identifie NV 4 une algébre-quotient de 7; la différen- 
tielle de VW passe au quotient, donc N devient une DGA-algébre. La DGA-algébre 
A s’appelle l’algébre initiale de la construction, la DGA-algébre N l’algébre finale. 

Produit tensoriel de deux constructions: Soient (A, N, M) et (A’, N’, W’) deux 
constructions. J/1 existe une construction dont Valgebre initiale est A @ A’ et V’'algébre 
finale N @ N’. En effet, soit ¢ l’isomorphisme de Il’algébre graduée MW @ M’ sur 
(A @ A’) @ (N @ N’) défini par o((a @ n) @ (a’ @ n’)) = (-1)™" (a @ a’) @ 
(n @ n’) (née N,, a’ € A,’). Par ¢, la différentielle de la DGA-algébre M @ M’ se 
transporte 4 (4A @ A’) ® (N @ N’); d’od la construction cherchée. 

On appelle homomorphisme d’une construction (A, NV, /) dans une construction 
(A’, N’, M’) un DGA-homomorphisme g: M — M’ tel que, si on identifie A A une 
sous-algébre de VM (par l’injection a > a @ 1) et A’ & une sous-algébre de W’, g 
applique A dans A’; alors g définit, par passage aux quotients, un DGA-homo- 
morphisme g: N—~ N’. 

3. Construction Spéciale.—Une construction spéciale (A, N, VW, s) consiste en la 
donnée d’une construction (A, V, M) et d’un A-endomorphisme s de M = A @ NV 
tel que 

(i) dsx + sdv = x — ex (ve WV); 

(un) s(1) = 0, s(M,.) © Mya, ss = 0; 

(iii) pour n e N; (k > 1), 1 @ n est dans l'image s(./); 

(iv) Vimage s (VM) est stable pour la multiplication de M. 

Pour définir le prodwit tensoriel de deux constructions spéciales, on prend, sur 


M"=M@M", 
s* =3s@ 1’ +€® 3’ (3.1) 


(1’désigne l’application identique de 7’). Le produit tensoriel de plusieurs con- 
structions spéciales est assoczatz/. 

Soient (A, NV, M) une construction et (A’, VN’, W’, s’) une construction spéciale. 
Un homomorphisme g: M — M’ de la premiére construction dans la seconde est 
dit spécial si, pour n ¢ NV, (k > 1), ’élément g(1 @ n) est dans l’image s’(.V’). Le 
produit tensoriel de deux homomorphismes spéciaux est spécial. 

THEOREME 1. Sotent (A, N, WM) une construction, (A’, N’, M’, s’) une construc- 
tion spéciale, et f: A — A’ un DGA-homomorphisme. Il existe un homomorphisme 
spécial g: M — M’ qui prolonge f; un tel g est unique. Si Vhomomorphisme fx: 
H(A) > H,(A’) est un isomorphisme, alors Vhomomorphisme gx: Hx(N) —~ H+(N’) 
défint par 2: N-—>N’ est aussi un isomorphisme. 

t. La “Bar Construction.” '\—Soit A une DGA-algébre; soit A le A-module quo- 
tient A/A. Posons ®(A) = A, et, pour k entier > 1, ®(A) = 4@... @ Ak 


facteurs). Pourk > 0, soit ®.(4A) = A @,@,(A). Alors @(A) = ps @,(A) est un 
k=0 
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A-module & gauche. Notons [a] l’image de a e A dans A; pour a, a,...,d,¢€ A 
notons afa,..., a] élément a ® [a] ® ... ® [a,| de ®,(A), qui est nul si un 
a, (1 <i < k) est égalal. Sia = 1, on écrit simplement [a, ..., a]. Pour 
k = 0, notons [] élément 1 « A. La graduation de @®(A) est définie par 


deg (a[ai,...,ax]) = deg (a) + >> deg(a,) + k. 


1<isk 


L’augmentation e: @(A) — A est définie par e(a{]) = e(a). On définit s par 


s(ala, ..-, Qj) = [a, a, ..., a] (observer que le noyau de s est @(A) = > 2 
k 20 


(A), Vimage de s est }> ®(A)). On définit d comme |’unique A-endomorphisme 
k>1 


de ®(A) qui abaisse le degré de 1, prolonge la différentielle de A (identifié & ®o(A)), 
et satisfait a 


d(ax) = (da)x + (-1 )"a(dx) pour a e A, et x € ®(A), 
dsx + sdv = x — ex pour x € @B(A). 


Enfin, utilisant l’anticommutativité de A, on définit? sur ®(A) une multiplication 
anticommutative. Alors ®(A) = A @® @®(A) est une DGA-algébre acyclique, et 
(A, ®(A), B(A), s) est une construction spéciale. 

Soit fun DGA-homomorphisme A — A’; |’homomorphisme spécial g: (A) > 
®(A’) qui prolonge f (théoréme 1) s’explicite par 


g(a[a,..., ae]) = (fa) [fa,... , fax]. 


@(A) et ®(A) sont des foncteurs covariants de la DGA-algébre A. 

Soit (4, N, W) une construction. D’aprés le théoréme 1, il existe un homomor- 
phisme spécial, et un seul, g: 7 — @&(A), qui induise l’identité sur A; par passage 
au quotient, on obtient un DGA-homomorphisme g: N — @(A), et l’application 
ix: Hs(N) ~ Hx(@(A)) est un isomorphisme d’algebres graduées. 

THEOREME 2.—Soient (A, N, M) une construction, (A’, N’, M’, s") une construction 
spéciale, f un DGA-homomorphisme A —~ A’. Le diagramme 


H(N) — H,(N’) 
| | 
Hx(@(A )) ies Hx(@A’)) 


est commutatif (les fléches verticales désignent les isomorphismes qui viennent d’étre 
définis; les homomorphismes horizontaux sont ceux du théoréme 1). 

5. Suspension.—Soit une construction (A, N, 17); identifions A & une sous- 
algébre de M = A @ N, par l’injectiona >a @ 1. La suite exacte d’homologie 
Hoyi(M) > Hyyi(M/A) > H(A) > H,(M) et Vacyclicité de M donnent un iso- 
morphisme H,(A) ~ Hy4i(M/A) (¢ > 1). La projection M —> N définit Hay: 
(M/A) > H,4,(N), d’out, par composition, 


S,: H(A) > Hal(N), g > 1 (application de ‘“suspension’”’). 


Siun élément de H,(A) est decomposable dans l’algébre H»(A) (i.e., est somme de 
produits d’éléments de degrés < q), sa suspension est nulle. 

Soit (4, VN, 4M, s) une construction spéciale. Soit 5: A —- N le composé de 
Pinjection A — M, de s: M — M, et de la projection M > N. Dans N, ona 
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sda + dsa = O poura e A, (¢ > 1), donc § induit des applications H,(A) > H,4,(N); 
ce sont les ap ve teation s So. 

Soient (A, NV, WM) et (A’, N’, M’) deux constructions, et g: J — M’ un homo- 
morphisme a ces constructions. Soient f: A — A’ et g: N— N’ les homomor- 
phismes déduits deg. Le diagramme suivant est commutatif: 


H,(A) —w iN) 
he go teh 
H,(A') —> Hou(N’). 


6. Constructions I[térées—Considérons une suite de constructions 
(A, AM, BM), (AM, A®@, B®), ..., (AM, AGTY BEEFY)... 


telle que l’algébre finale de chacune d’elles soit l’algébre initiale de la suivante. Par 
exemple, la “bar construction itérée”’ est définie par 


A™ = @”(A), B” = @” (A) = A @ B” (A), avec 
ar (A) = &(8°(A)), — B (A) = B(A) 


Notons Hx(A, n) l’algébre d’homologie H«(@'(A)); la suspension envoie H,(A, 1 
dans H,4:(A,n + 1). 

Pour toute ¢ ee itérée, le théoréme | définit des DGA-homomorphismes 
f%: A! — @BY(A) ({ €étant application identique de A), d’ot des isomor- 
phismes He(A®) = ag ). Cesisomorphismes commutent avec les suspensions, 

Considérons le cas ot A = Z et A est l’algébre ag d’un groupe abélien II, munie 
de l’augmentation habituelle (tous les éléments de A sont de degré 0, et d = 0). 
Alors l’algébre H(A, n) est isomorphe a l’algébre Hx(I1, n), algébre d’homologie 
du classique complexe d’Eilenberg-Mac Lane A(II, n) (complexe minimal d’un 
espace topologique X dont tous les groupes d’homotopie sont nuls, sauf 7,(X) = 
11). D/’une fagon précise, Eilenberg et Mac Lane ont défini? des DGA-homomor- 
phismes @°” (A) ~ K(II, x) qui sont compatibles avec les “‘suspensions”’ et induisent 
des isomorphismes des algébres d’homologie Hx(@”(A)) ~ Hx(II, n). 

Soit maintenant A’ = A(Il) = A @; Z(Il). Ona @”(A’) = A @z B™” (A), 
done Hx(A’, n) est isomorphe @ H,(II, n; A), algébre d’homologie de A(II, n) a 
coefficients dans A. Pour calculer les alg2bres H(II, n; A) et leurs suspensions, on 
peut utiliser n’importe quelle construction itérée, ayant A(I1) comme alg2bre inatiale. 
Par produit tensoricl, le cas ot II a un nombre fini de générateurs se raméne a celui 
d’un groupe cyclique (fini ot infini). 

7. Structure Multiplicative de la Cohomologie.—Pour simplifier, on se borne au 
cas d’un corps A. Soit une suite de constructions spéciales (A, A%*?, BT"), 
d’algébre initiale A = A(II). L’application diagonale « — (a, x) de II dans II X I 
définit A > A @ A, d’ou (théoréme 1) des homomorphismes 6“: A‘ > A” ® 
A” qui induisent 54°": Hx(A°) > Hx(A%) @ H(A”). Ceci définit une mul- 
tiplication dans la cohomologie Hom,(Hx(A“), A). En particulier, soit Ax” 
’homomorphisme relatif 4 la bar construction itérée; d’aprés le théoréme 2, le 


diagramme 


5”? 
Hy(A™) > Hy(A™) @ Hy(A) 
tT AM”? t 


H4(03"(A)) > He(B™(A)) @ He(@™ (A)) 
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est commutatif (les isomorphismes verticaux sont ceux du théoréme 1). Or la 
eohomologie H*(II, n; A) = Hom,(H.(II, n; A), A) ~ Hom,(H4(@""(A))A) pos- 
sede une multiplication (cohomologie d’un espace topologique): on montre que 
c’est celle définie par Ax”. 

!La “bar construction” est due a Kilenberg-Mac Lane: Proc. Nav. Acap. Sct., 36, 657-663, 
1950; Ann. Math., 58, 55-106, 1953, chap. ii. D’une fagon précise, notre (B(A) est la “‘normal- 
ized bar construction” (Ann. Math., 58, 79, 1953); Kilenberg et Mac Lane n’ont pas introduit 
Valgebra acyclique @(A). 

2 Ann. Math., 58, 55-106, 1953: produit * défini par la formule (7.10). 
3 [bid., théorémes 20. 1—20.3. 


TOPOLOGICAL VECTOR SPACES OF CONTINUOUS FUNCTIONS* 
By LEoPpoLDO NACHBIN 
INSTITUTE FOR NUMERICAL ANALYSIS AND UNIVERSITY OF CALIFORNIA, LOS ANGELES 
Communicated by A. A. Albert, March 3, 1954 


Two classes of (real Hausdorff) locally convex vector spaces have been con- 
sidered recently to extend the classical work of Banach, namely, the one of borno- 
logical vector spaces, which was defined by G. W. Mackey! and generalizes normed 
vector spaces; and that of barreled vector spaces, defined by N. Bourbaki,* of which 
complete normed vector spaces are instances. The locally convex vector space E 
is bornological if, for every locally convex vector space X, any linear transformation 
T:E — X which maps bounded sets onto bounded sets is necessarily continuous. 
If we say that Y ¢ E absorbs Y c¢ EF whenever there is \ > 0 such that Y ¢ XX, 
then # is bornological if and only if every convex subset of it containing 0 and ab- 
sorbing all bounded subsets is necessarily a neighborhood of 0. Similarly, EF is 
barreled if the Banach-Steinhaus theorem holds for it, that is, for every locally con- 
vex vector space X, any family |7;};., of linear continuous transformations 
T,;:E — X which is bounded in the pointwise sense is necessarily equicontinuous. 
It comes to the same to demand that every closed convex subset of # which contains 
0 and absorbs all points is necessarily a neighborhood of 0. The Banach-Steinhaus 
theorem implies that every complete bornological vector space is barreled.* The 
question as to whether, conversely, every barreled vector space is bornological has 
been pointed out as open by J. Dieudonné.‘ In this note we shall give an example 
showing that this is not always the case, although this converse is known to be true 
under various circumstances. To this end, we shall prove the following results 
which seem interesting by themselves. Let E be a completely regular topological 
space. Denote by R# the vector space of all real-valued continuous functions on E 
endowed with the compact-open topology. 

THEOREM 1. WR 7s barreled if and only if, for every noncompact closed set X c E, 
there exists some f ¢« R® which is unbounded on X. 

THEOREM 2. PE 7s bornological if and only if EF is complete under the weakest uni- 
form structure on it with respect to which all f « R® are uniformly continuous. 

As there are spaces # having the property indicated in Theorem 1 but not the 
one mentioned in Theorem 2, we see that R# may be barreled but not bornological. 
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An alternative way of stating the condition in Theorem | is to require that every 
closed subset of Z which is totally bounded with respect to the uniform structure 
mentioned in Theorem 2 be compact, that is, # be complete in the sense of von 
Neumann.® It results that R4 is barreled whenever it is bornological, the fact that 
the converse is not true being one instance in which completeness in the sense of 
von Neumann fails to imply completeness. We notice that every paracompact 
space / has the property in Theorem 1; and every regular space # in which any 
open covering admits a countable subcovering possesses property in Theorem 2. 

1. To prove Theorem 1, let’Z have the property stated in it. Let V be a barrel 
(closed convex set containing 0 and absorbing all points) in R#. We claim there is 
5 > Osuch that fe R4, ||f\/ 2 = sup } | f(x)| -~ ire E} <dimplyfeV. In fact, call B 
the vector subspace of R* formed by all bounded functions with the sup-norm. 
Then V n Bis convex, contains 0, absorbs all points of B, and is closed in the norm 
topology of B. In fact, let V? be the set of all linear continuous functionals ¢ on 
R* such that g(f) < 1 for all fe V. As V is closed, convex, and contains 0, V is 
equal to the set V?? of all f « R® such that g(f) < 1 forall ge V?. Now every linear 
continuous functional g on R* has a restriction to B obviously continuous in its 
norm. Hence V © B is closed in the norm topology. By the Banach-Steinhaus 
theorem, V 9 B is a norm neighborhood of 0 in B, hence there is 6 > 0 such that 
fe R®, |\fle < 6 imply f ¢ V,as desired. For this 6 we remark the following. Ifa 
set K ¢ E has the property that every f « R® vanishing on K lies in V, then f ¢ R# 
‘Ifllk = sup || f(v)|; «eX} <.6/2implyfeV. In fact, let g = sup(f, 6e/2) + inf(/, 
—6e/2), where e is the unit function on EZ. Since 2g vanishes on K, we have 2g « V. 
Also |/2(f — g)||z < 6 gives 2(f — g)e V. Therefore, f = '/2)2(f — g) + 2g} « V, 
as we wished. For each lineat continuous functional g on R24, let s(¢g) be its sup- 
port (least compact subset of Z such that g(f) = 0 for every f « R® vanishing on it) 
and call K the closure of U{s(v); ge V?}. If f « R® vanishes on K, then f « V” = 
V. It follows by the above remark that ||f\|x < 6/2 also implies f e«V. It remains 
to show that K is compact to conclude that V is a neighborhood of 0 in the compact- 
open topology. To this end, assume that K is not compact. The fact that there 
is a member of R# unbounded on K implies (rather, is equivalent to) the existence 
of open sets A; (¢ = 1,2,...) in # such that A; > A; 44, nA; = ¢ A, K # 
¢. Choose g; « V? so that A; 9 s(¢;) ¥ @ and g, e R# vanishing outside A; such 
that ¢(g,) = 1. From ,A; = ¢ it results that the series >>,cig; = g converges 
and represents g ¢ R* for any ehoice of the coefficients, and that, for each j, we have 
A;  s(y,) = ¢, hence A; 9 s(¢;)= ¢ for almost all 7. Passing to a subsequence, 
we may assume that A; 9 s(g;) = ¢fori>j. This implies that 9g) = DoiZ: 
ci¢;(g:). Choose the coefficients so that ¢)(g) = j. This shows that for every 
\ > 0 it is false that g « (AV”)? = AV, against the assumption that V absorbed all 
points of R*. Hence K is compact and R£ is barreled. Conversely, assume 2? 
barreled. Let X ¢ E be noncompact and closed. Call V the subset of R# of all 
f such that Ill x <1. Clearly, V contains 0, is convex and closed, but fails to be a 
compact-open neighborhood of 0. Hence V fails to absorb some f ¢ R#, that is, f is 
unbounded on X. 

2. To prove Theorem 2, denote by 6(#) the Stone-Cech compactification of E. 
It is then immediate that E satisfies the condition of Theorem 2 if and only if for 
every ¢ « 8(E) — E there exists a countable sequence of neighborhoods of ¢ in 6(2) 
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whose intersection is disjoint from #. An alternative way of stating this is to re- 
quire, for every ¢t « B(H) — E, the existence of a continuous function on 8(#) with 
values in [— ©, + ©] whose value at ¢ is + © but whose restriction to £ is finite.” 


Let us assume that H satisfies the condition in Theorem 2. If fi, fo « R8 and f; < fo, 
the order segment [f1, fo] is the set of all fe R#, fi < f < fo. It is bounded in the 
) compact-open topology. To prove that ## is bornological, it is sufficient to show 
that every convex set V c R# containing 0 and absorbing all order segments of R# is 
a neighborhood of 0. By a supporting set of such V, we shall mean a set K closed 
in B(Z) hence compact, such that, provided f « R# and we denote by /* its unique 


continuous extension to 6(#) with values in [— ~, + ©], if {* vanishes on K then 
feV. Obviously, 6(£) is a supporting set for V. As in the proof of Theorem 1, we 

claim that there is 6 > 0 such that f e R4, ||f\lze < éimply fe V. In fact, V absorbs 
] the order segment [—e, e], where e is the unit function on £; hence there is \ > 0 
such that [—e, e] ¢ AV, and it suffices to take 6 = 1/X. If we show that V has a 
supporting set K contained in £, it will follow that V is a neighborhood of 0. In 


; fact, K is compact, and, as in the beginning of the proof of Theorem 1, one shows 
that f « R#, ||fllx < 6/2 imply f « V. We now show the existence of such K. A 


7 closed set K in 8(E) is a supporting set of V if and only if, whenever f « R# and f* 
: vanishes in a neighborhood of K in B(#), thenfeV. One halfis obvious. To prove 








] the other half, let K have this property, f « R# and f* vanish on K. Define g = 
sup(f, 6e/2) + inf(f, —ée/2), where 6 is as above. Since (2g)* vanishes on the set 
{2; x B(E), |f*(a)| < 6/2}, that is, in a neighborhood of K in (EZ), we have 2g « V. 


Also 2(f — g) « 6[—e, e] ¢ V. Therefore, f = '/2}2(f — g) + 2g} « V, as desired. 
We next prove that the intersection of two (hence of a finite number of) supporting 
sets Ki, K, of V is againa supporting set. Let K = AK, N Ke. Assume fe R¥ and 
f* vanishing in the open neighborhood W of K in B(2). Since K, and Ky — W are 
disjoint closed sets in 8(£), we can find two oven subsets W1, W> of 8(Z) and a real- 





valued continuous function g* on B(#) such that K, ¢ Wi, Ko — Wc We, g* = 1 
inW,andg* = O0in W>. Of course, g* is the extension to 6(F) of somegeR*. Now 
2fg vanishes on (W U We) a E. W VU We is open in B(F), and £ is dense in B(E). 
Hence (2fg)* vanishes in W U Wo, that is, in a neighborhood of Ky in B(Z). There- 
: fore, 2fg« V. Similarly, [2f(e — g)]* vanishes in W,; hence 2f(e — g) e V. Fi- 
nally, f = '/2}2fg + 2f(e — g)} e V, and so K is a supporting set for V. The inter- 
section K(V) of all supporting sets of V is again a supporting set. In fact, let f e« R*® 
and f* vanish in a neighborhood W of K(V) in B(#). By compactness, there is a 
| finite number of supporting sets whose intersection is contained in W. This inter- 
| section is a supporting set, and f* vanishes on it. Hence f « V and K(V) is a sup- 

porting set: we call it the support of V. We now show that K(V) ¢ EF. Let 
| teB(E) — Eand W, (n = 1,2,...) be decreasing open neighborhoods of ¢t in 8(E) 
; such that 9,,W,, is disjoint from EZ. One of the sets 8(Z) — W, is a supporting set 
for V, for otherwise we could find f, « R# with f, ¢ V and f,* vanishing in 8(EZ) — 
W,(n=1,2,...). Letg = sup {nl fa ;n=1,2,...}. AsE — W, ¢ B(E) — 
Wy, and so fy vanishes on E — W, for N > n, we see that g and sup ; fl, neo 

n\fr| } coincide on FE — W,. Since these sets cover EL, we conclude that g « R*. 

Now V absorbs the order segment [—g, g]; hence there is \ > 0 such that nf, € AV, 
which gives f, «€ V as soon as n > X, against the assumption. This proves that 


some 6(H) — W,, is a supporting set, hence ¢ ¢ K(V) and so K(V) ¢ E as desired. 
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Conversely, if # fails to satisfy the condition of Theorem 2, there is some ¢ € 8(#) — 
E such that f*(¢) is finite for every f « R#. The linear functional f > f*(¢) on 2 is 
obviously discontinuous. To show that R# fails to be bornological, it suffices to 
show that this functional maps every bounded subset X of R# onto a bounded 
subset of R. If this were not true, we could find f, ¢ X (n = 1, 2,... ) such that 
fr®(t) > oasn—>o. Letting W, = {2,xG(B), |f,*(x)| > |f,*®| — 1}, Wrisa 
neighborhood of ¢ in 6(£), and the assumption concerning ¢ implies that there is some 
vo common to all W, and E£. It follows that f,(%) > © asn —~ ©, against the 


assumption that Y is bounded. This completes the proofs of both theorems. 


* Work sponsored in part by the U.S. Office of Naval Research. The author is a fellow of the 
Conselho Nacional de Pesquisas of Brazil on leave from the Centro Brasileiro de Pesquisas Fisicas, 

1G. W. Mackey, Trans. Am. Math. Soc., 60, 519-537 (1946). 

2 N. Bourbaki, Ann. Inst. Fcurter, 2, 5-16 (1951). 

3 With the same conclusion if only bounded subsets are supposed complete. 

‘J. Dieudonné, Bull. Am. Math. Soc., 59, 495-512 (1953). 

5 Theorem 2 has already appeared in the author’s note in Proc. Internat. Cong. Math. 1, 464-465 
(1950). 

6 J. von Neumann, 7'rans. Am. Math. Soc., 37, 1-20 (1935). 

7 The spaces satisfying the condition in Theorem 2 were considered by Hewitt under the name 
of “Q-spaces” and by the author (loc. cit.) under the name of “saturated spaces.’’ See E. Hewitt, 
Trans. Am. Math. Soc., 64, 45-99 (1948); Fund. Math., 37, 161-189 (1950); M. Katétov, 
Fund. Math., 38, 73-84 (1951); T. Shirota, Osaka Math. J., 4, 23-40 (1952). 

8 An example of a normal space which satisfies the condition in Theorem 1 but fails to satis!y 
that of Theorem 2 is provided by one of the linearly ordered P-spaces considered by L. Gillman and 
M. Henriksen, Trans. Am. Math. Soc. (1954) (to appear). The space X in their Example 10.9 is 
normal as any linearly ordered space and is a P-space by their Corollary 7.2. Every subspace Y 
of X is a P-space (Corollary 5.6). If Y is closed but not compact, it is in particular infinite; hence 
(Corollary 5.5) there is g « R’ unbounded on Y. By normality, g extends to f ¢ R* and condi- 
tion in Theorem | holds. By Theorem 10.4, (1) and (4), the space X fails to satisfy condition in 
Theorem 2. Iam indebted to Gillman and Henriksen for this example. 


THE RELATION OF SOME DATA OBTAINED FROM RAPID COMPUTING 
MACHINES TO THE THEORY OF CYCLOTOMIC FIELDS* 
By H. 8S. VANDIVER 
DEPARTMENT OF MATHEMATICS, UNIVERSITY OF TEXAS 
Communicated April 2, 1954 

Introduction.—In a recent paper in this magazine D. H. Lehmer, Emma Lehmer, 
and the writer! applied the high-speed calculating machine of the National Bureau 
of Standards, known as the “SWAC”’, at the Institute for Numerical Analysis at 
Los Angeles, coded by D. H. and Emma Lehmer, in obtaining the result relating to 

Fermat’s Last Theorem that 
ge" + 9" = 2”. n > 2; (1) 
has no nonzero solutions in integers for n < 2003. In order to carry this out, it was 
necessary to examine the theory of the units and ideals in a cyclotomic field K, 
defined by e”'*’' =¢, 1 being an odd prime and <2000. In particular, the number of 
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classes of ideals in each such field and analysis of other data found leads us to an 
entirely new point of view concerning the theory of cyclotomic fields, and it is the 
object of this paper to explain this. Thanks to the SWAC, for special exponents we 
have been able really to come to grips with the Fermat problem, and, as usual, when 


such a thing happens, the by-products are remarkable.? 
1. Class Numbers and the Irregular Class Group of K.—Here* we shall use the 
ordinary idea of equivalence in K, namely that a, 6 are equivalent (integral) ideals 


and belong to the same class of ideals if 
(a)b = (B)a 


in K with aand Bin K. The finite number of classes in K will be called H, and it 
is known that 


H = ; I [= na | mM... 


(21)4 k Ln=0 D 


where 


k ranges over ...,¢ — 2; r, is defined by 
r, =r" (mod I); Om F< 

risa primitive root of /; Z is a primitive root of 

a?~1=0. 


Also, the m’s and D are defined as follows: let 


and 


E,($) =f, = Wl @. (3) 


1=0 


Then these units for n = 1, 2,..., d, with d = (1 — 3)/2, form a system of inde- 
pendent but not necessarily fundamental units. Hence, nonzero integers m1, me, 
. ++, My exist such that, with the c’s integers, 


ef _n e:°“en™ ey: dé. cn 0 os ipl ss d, (4) 
if the e’s form a set of fundamental units in K. We set 
» Cal 


- Ca dD. 


- Cad 
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In equation (2) H is expressed as a product of two factors in order: the first one 
is called the first factor of H and is designated by H;; the second factor is called 
H». Each is a natural number. Using the usual idea of the product of classes, 
namely, that if a belongs to the class A and b belongs to the class B, then the class 
to which ab belongs is said to be the product of AB, we see that the classes form 
a finite Abelian group in which the principal class is the identity element. Set H = 
I’m, with (l, m) = 1. Then the class group G, of A has a subgroup of order /* 
consisting of the mth powers of the classes in K. This subgroup G is called the 
irregular class group of K. Any ideal a in this class group has the property that 
a’, a > 0, isa principal ideal. In particular, if a’” is a principal ideal but a” is not 
a principal ideal for 0 < s < n, then a is said to belong to the exponent /”. Also, in 
this case, we say that a properly belongs to the irregular class group of K. 

In order to examine the divisibility of H by J, it is necessary to consider the 
Bernoulli numbers. — If 


l | 
B, = ; By a 9° 
6 30 
are the Bernoulli numbers and if 
By Be .c4 aa: P35) (5) 


expressed in their lowest terms, have numerators prime to /, then the prime k is said 
to be regular, otherwise irregular. Similarly if lis regular, then K is said to be regu- 
lar; if / is irregular, K is said to be irregular. The prime 3 is said to be regular. 
Suppose / is irregular and 


oor 


are the distinct Bernoulli numbers in the set (5) which are each divisible by /. Also, 
call the subscript of any of the B’s its “index”. Then the a’s in (6) are called the 
indices of irregularity of K defined by the irregular prime /. The quantity ¢ in (6) 
will be called the degree of irregularity of l and likewise K. 

We shall make use of the following property of H: in order that H be prime to], 
it is necessary and sufficient that / be a regular prime (Kummer). For HH. to be 
divisible by /, it is necessary but not sufficient that H, is. An example of the latter 
statement is seen in the case / = 37, which is irregular. The first factor is divisible 
by 37, but the second is not. 

2. The Proper'y Irregular Cyclotomic Fields.—lf K is defined by | and H, is 
divisible by / but Hy» is not, then K is called a “properly irregular cyclotomic field” 
(abbreviated “P.I.C.”). Thus we see from what was just said that / = 37 defines a 
P.I.C. As we shall see later, all irregular fields defined by /’s <2000 are properly 
irregular. If H» is divisible by /, it is known that at least one of the units 

E 


’ ’ 
ay ie oe 0 ey vat (7) 


is the /th power of a unit in K. To show that none of these units have this property, 
it is sufficient to find a prime ideal p such that 


E, io 
( ) 61; $e 22 ..,% (8) 
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where 
1 (N(p) — 1)/l Ba: : 
Fr = (mod p), (8a) 
p 


and where N is the norm, and the right-hand member of the above congruence is 
some [th root of unity. The data which appear in the table given in F (pp. 31-33), 
already referred to, show that this statement holds for every / <2000, with p a 
prime ideal divisor of(p) (also p is the smallest prime of the form 1 + el) in each 
case, which shows that every such field is a P.I.C. A number of the properties of 
the P.I.C.’s were given by the writer. J think we are fairly safe in saying that if any 
irregular cyclotomic field exists which is not a P.J.C., it ts a member of a very special 
class. We are then justified in examining in detail the regular fields and the 
P.L.C.’s.. There is nothing in the data found in the above-mentioned paper which 
indicates that the number of regular primes is finite. There are, according to the 
results obtained, 184 regular and 118 irregular primes <2000. In the present 
paper we shall consider some of the little-known properties of the P.1.C.’s, in- 
dicating how much the theory of cyclotomic fields is simplified from our present 
point of view. 

We shall now show that every p for which we found that relation (8) held, properly 
belonged to the irregular class group G of K. This is because, since the F£,,, 7 = 
1,2,..., ¢, are each primary, if q is a prime ideal such that q’ equals the principal 


ideal (w) with (j, 1) = 1, then 
(7) oe (7) 
\ @ 7 7 q ) 
(*") = 1, 
q 
which contradicts relation (8). 
In order better to illustrate these ideas, we give an extract from the table given in 
F (accompanying tabulation). In the above, this means for / = 617 that in our 
(6) of the present paper, a; = 10, a2 = 87, a; = 169, that is, these are the indices of 
irregularity for K. The degree of irregularity is 3. Similarly, for / = 619 there is 
one index of irregularity, namely, 214, with the degree of irregularity unity. For 
631 there are two indices of irregularity, and a; = 40 and az = 113; hence the de- 
gree of irregularity is 2. Also, these details show that a prime ideal divisor of the 
principal ideal (4937) in the field defined by e?'*’°'” properly belongs to the irregular 
class group of that field. Similarly, a prime ideal divisor of the principal ideal 


ore : > . > 2 519 
(2477) properly belongs to the irregular class group of the field defined by e7'*/°"”. 
In no case was a degree of irregularity greater than 3 found. 


whence, since (j, 1) = 1, 


l a p a p 
617 10 4937 619 214 2477 
617 87 4937 631 40 6311 
617 169 1937 631 113 6311 


We have,‘ for any b > 0, 
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II l(-—1 y (at? — win Bab +1)/2 
hy — (1/2) (13) (mod 1”). (9) 


Corresponding to any a < (J — 1)/2, such that 
B, = 0 (mod J), 
there is an integer A such that 
Boetiy/2 = 0 (mod 1"); k = '(Qa — 1); 
but 
Bee+yy/2 ¥ 0 (mod /*), 
where 
c = [§ (2a — 1); g>h. 


Now g cannot be arbitrarily large, for, from formula (9), we would have H, = 0 
(mod /*), which is impossible. The integer h satisfying the above conditions we 
shall call the maximal exponent associated with B,. We then have® 
THEorEM I. The invariants of the irregular class group G of the P.I.C. K are 
hy phe 

OP caulk, (10) 
where h; is the maximal exponent associated with By, in (6),7 = 1, 2,...,t. A basis 

Oris Cy os 5 
may be selected for G so that, if r 1s a primitive root of l, 

e—p(l—2as)lti . 
C. = 1; ata bay ee 

where C; is of order I’. A basis for the singular primary numbers of K is given by the 
E’s in (7). Here s is employed as a symbolic power® (p. 149). 

As an example of the theorem just mentioned, consider the case 1 = 157, where 
By, = Bss = 0 (mod 157). Kummer* computed the first factor of the class number 
for this value of / and found it was divisible by /? but not by /*. In view of (10), 
this means that hy = 1, ho = 1, with ¢ = 2. 

Having determined ideals properly belonging to the irregular class group @ of K 
as in the discussion preceding relation (9), we may set up an explicit basis’ for G. 

° . , . . . . . ! 

A singular number w in K (possibly fractional) is defined as (w) = q, where 
q is not a principal ideal. There exists a basis for the Abelian group of singular 
primary numbers in K if we treat any [th power in K as if it were the identity. The 
E’s are defined explicitly in equation (3). 

The kth power of any unit in K can be expressed as a power product of the 
E’s, where k is prime tol. The writer gave an explicit expression for m in the rela- 


() = rie ( l 1) 
p 


n being an arbitrary unit in K, and p any prime ideal in K prime to (A). 
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If (6) = 61, b any ideal ¥ (0); and if we write, A being a P.I.C., 
B= mtat+...+a-4” 
and 
Ble’) =a tae’ +...+ a ™ 
then 6 is a singular irfteger if, and only if, 


E ~24) log B(e’) 


1—2ai 
ae = 


| 0 (mod J), 
v=0 


for at least one value of 7; 7 = 1, 2,..., t, where ¢ is defined in (10) and given in the 
table,s and e is the Napierian base. 

Kummer® gave a law of reciprocity involving the symbol (q/p), where q and p 
are prime ideals in the regular field K with (q(A), p) = 1. The symbol (q/p) is de- 


fied as follows: 
(°) (") 
p yp’? 


(@) = q’": hh’ = 1 (mod J) with A the class number of K. The symbol on the right 
is defined as in (8a). 

Furtwingler and his successors!’ gave a law of reciprocity involving the symbol 
(0/w), (w) being a principal ideal in the regular field K. Neither the result of Kum- 
mer nor the one just mentioned involved in their statement the symbol (0/a), where a is a 
nonprincipal ideal and properly belonging to the irregular class group of K. In fact, 
the literature associated with the proofs of these laws of reciprocity seems to give little 
information along this line. Our theory of P.I.C.’s, however, yields an explicit expres- 
sion'' for the power character just mentioned. All the above-mentioned properties of 
the P-I.C.’s are intimately related to the theory of class fields as well as the laws of reci- 
procity. For example, using the extract of the tables in F already mentioned in 
this paper, we see that, for / = 617, 

617, 617, 617, 


V Ey, V Eg, V Ex, 


Se 


ach generates with ¢ an absolute (Hilbert) class field of AK, and for other similar 
entries in our table in F. 

Proofs of the theorems mentioned above concerning the P.I.C.’s can be obtained 
through, in part, the use of Furtwingler’s law of reciprocity as applied to cyclotomic 
fields. However, it is possible to give proofs which do not involve this theorem. 

We may also note a relation of the P.I.C.’s to the Fermat problem. If we assume 
in equation (1) that n is J, an odd prime defining a P.I.C., then equation (1) is im- 
possible if, in addition® (p. 572), none of the Bernoulli numbers B,,, n = 1, 2,..., 
(l — 3)/2, is divisible by 13. The latter condition holds for all 1 < 293 but has not 
been tested for other values of 1. 

3. Regular Fields.—As we have already noted, there is nothing in the table in F 
which would indicate that there is only a finite number of regular primes. The 
possibility, then, that there is an infinity of regular primes (contrary to the opinion 
of several number theorists that I have talked to in the past) leads to reconsidera- 
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tion of numerous results which Kummer and others obteined concerning sueh 
fields, in particular, a number of theorems in diophantine analysis,'® involving in 
their statement regular primes, which have not as yet been extended to other types 
of primes. We have already referred to Kummer’s law of reciprocity for regular 
fields, and to obtain this he used many properties of the regular fields® (pp. 278- 
290). 


* Dedicated to the memory of Edmund Landau. 

1 “An Applicatrion of High-Speed Computing to Fermat’s Last Theorem,” these PROCEEDINGS 
40, 25-33, 1954. This paper will be referred to as ‘“F.” 

2 The results referred to in the present article concerning regular fields and properly irregular 
cyclotomic fields are rather scattered in the literature. The details of the proofs of the results 
mentioned are not given in the present paper, but the general nature of some of these proofs is dis- 
cussed. All the references to the P.I.C.’s are due to the writer, unless otherwise mentioned. 

3 As to the class number of K and related questions, see also ‘‘Fermat’s Last Theorem,” Amer, 
Math. Monthly, 53, 556-569, 1946. Original references are there given. 

'“On the First Factor of the Class Number of a Cyclotomie Field,” Bull. Amer. Math. Soc., 
25, 458-461, 1918-1919. 

5 “Some Theorems Concerning Properly Irregular Cyclotomic Fields,”’ these PRocEEDINGs, 15, 
206, 1929; ‘On the Composition of the Group of Ideal Classes in a Properly Irregular Cyclotomic 
Field,’ Monatsh. f. Math. Physik, 48, 369-380, 1939, Theorem I. References to Pollaczek and 
other authors are given there. 

6 “(ber diejenigen Primzahlen A, fiir welche die Klassenzahl der aus A-ten Einheitswurzeln 
gebildeten komplexen Zahlen durch A teilbar ist,”’ Monatsberichte (Berlin), pp. 239-248, 1874. 

7 “On Basis Systems for Groups of Ideal Classes in a Properly Irregular Cyclotomic Field,” 
these PROCEEDINGS, 25, 586-591, 1939. 

8 See these PROCEEDINGS, 15, 207, 1929. 

9 Hilbert, Gesammelte Abhandlungen (Berlin, 1932), pp. 312-313. 

” Hasse, “Bericht iiber neuere Untersuchungen . . . ,” Jahresber. Deutsch. Math. Verein., 2, 1- 
122, 1930. 

11 “Cn Power Characters of Singular Integers in a Properly Irregular Cyclotomic Field,” T’rans. 
Amer. Math. Soc., 32, 400—401, 1930. 

12 See, for example, various references to Maillet in Dickson’s History, Vol. 2, chap. xxvi; also 
Vandiver, ‘Summary of Results and Proofs on Fermat’s Last Theorem” (6th paper), these Pro- 
CEEDINGS, 17, 663, 1931; “On Trinomial Diophantine Equations Connected with the Fermat 
Relation,”’ Monatsh. f. Math. Physik, 43, 317-320, 1936. 


ON THE FORMATION OF PROTOGALAXIES IN: THE TURBULENT 
PRIMORDIAL GAS 


By G. GAMow 
THE GEORGE WASHINGTON UNIVERSITY 


Communicated March 19, 1954 


According to the theory of the origin of galaxies proposed by the writer some time 
ago,! the primordial gas uniformly filling the universe during the early stages of its 
expansion must have been broken up into separate giant gas clouds (protogalaxies) 
during the transition epoch (at about one-twentieth of the present age) from the 
predominantly radiative into the predominantly material state. During this 
epoch, when the density of gas and the mass density of radiation were comparable 
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to one another, they must both have been of the order of magnitude of 10~* gm/ 
em.*, and the temperature of space must have been about 300° K. Applying 
Jeans’s formula for gravitational instability to these physical conditions, the writer 
was able to show that the minimum diameter of gravitational condensations must 
have been about 104 light years and their minimum mass about 10° sun masses, a 
result which stands in, reasonable agreement with the astronomical data concerning 
an average galaxy. 

There remained, however, a serious difficulty stemming from the fact that Jeans’s 
formula was originally derived for stationary gas and could not reasonably be extrap- 
olated for the case of expanding gas masses. In fact, Jeans’s formula simply 
states that the radius of condensation must be sufficiently large to make its gravi- 
tation energy larger than its thermal energy. ‘Thus, in order to obtain Jeans’s 
critical radius 2, we write 

G+( ph)? ple? 
R m 


where G is the Newtonian constant of gravity, & Boltzmann’s constant, m the mass 
of gas particles, and p and 7 the density and temperature of the gas, respectively. 
Solving for /2, we get 


kT, (1) 


kT 
( imp 


In the expanding space, however, we must take into account the fact that, apart 
from their thermal velocities, the molecules of gas also possess the velocities corre- 
sponding to the general expansion. Thus we must require that the gravitational 
energy of the rudimentary condensation be larger than the sum of its thermal energy 
plus the kinetic energy of expansion. If the kinetic energy of expansion is small 
compared to the gravitational energy, we will get a slight increase of Jeans’s radius. 
It is known, however, that, in the actual case of our universe, kinetic energy of ex- 
pansion is now fifty times larger than the potential energy of gravity forces, so that 
the dispersion of galaxies proceeds with super—escape velocity, and the present ex- 
pansion will never turn into a contraction. It is clear that under such conditions 
Jeans’s formula does not lead to any sensible result and that any rudimentary con- 
densation will disperse again, no matter how large in size it is. The only escape 
from this difficulty is to assume the existence of very large original density fluctu- 
ations in the primordial gas. In fact, since the kinetic energy of the expanding 
sphere of a given radius is proportional to its density, whereas its gravitational 
energy is proportional to the square of the density, a sufficiently large density in- 
crease (for the same radius and for the same expansion velocity) will bring kinetic 
energy below the potential. Since at one twentieth of the present age the kinetic 
energy exceeded the potential by a factor of 2 or 3, we will have to assume that 
Within the original condensations the density was increased by at least the same fac- 
tor, Clearly, we cannot expect such a large factor to be due simply to statistical 


density fluctuations, and the only way out is to assume that the primordial gas was in 
astate of large-scale irregular motion, that is, that it was ina turbulent state. Be- 
sides, in order to permit large variations of density, this turbulence must have been 
supersonic, 
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As earlier suggested by the writer,! one can look for the confirmation of the ex- 
istence of such a primordial turbulence in the present distribution of the galaxies 
through space. The work of Shapley,? and more recently of Shane,’ indicates, in- 
deed, that the distribution of galaxies through the space of the universe is ex- 
tremely irregular, showing local condensations and rarefactions. This is just 
what should be expected from the picture of the galactic formation described 
above. In the turbulent state of motion we would expect to find all possible 
sizes of compression eddies. Small compression eddies, with sufficiently large 
compression factor, must have been caught into “gravitational nets’ and 
must have remained in that state forever, forming protogalaxies which later con- 
densed into the multitude of stars. Once this process has taken place and young 
protogalaxies have drifted apart, material filling the universe must have lost its 
internal coherence, and no further changes of local densities were possible. 
Thus, if a group of galaxy-forming eddies belonged at that time to a larger com- 
pression eddy, one would expect to find in that part of the universe more galax- 
ies per unit volume than on the average. Conversely, if the galaxy-forming com- 
pression eddies were imbedded into a large-scale rarefaction region, we would ex- 
pect to find less than the normal number of galaxies. From this point of view, the 
present distribution of galaxies in space represents a “fossilized turbulence’”’ in the 
gas, immediately preceding the formation of galaxies. Thus, analyzing the present 
distribution of galaxies in space from the point of view of turbulent motion, it should 
be possible to get some idea about the degree of compression in the eddies of differ- 
ent sizes. This work was undertaken, following the writer’s suggestion, by Vera 
Cooper-Rubin,* who, using both Shapley’s and Shane’s data, was able to obtain the 
relation between the compression factor 8 and the dimensions dp of the compression 
eddies. Expressing dp in light years, one finds, in fact, that, for do < 107 light years 
and 8 > 2, the following relation must hold: 


dy*3? ~ 2°10? light years. (3) 


In order to apply this result to the epoch of galactic formation, we must squeeze 
back the present universe (theoretically) to the state when the galaxies were just 
born, as illustrated graphically in Figure 1. The size of the galaxy-forming con- 
densation eddies in the status nascendi, when all the distances were about 20 times 
smaller than now, must have been about one-twentieth of present mean intergalactic 
distance, i.e., ~ 10° light years. Using this for do, we obtain from relation (3) 
Bieecablle ee dil (4) 
10° 
This is more than the compression factor which, according to previous discussion, 1 
needed to compensate for the kinetic energy of expansion and permit the use of 
Jeans’s formula for calculation of sizes and masses of the condensations. 

We can now determine also whether or not the turbulent motion had a super- 
sonic character. The two galaxies born side by side (as a and b in Fig. 1) are now 
receding with the same relative velocity as at the time when they were in contact 
(since kinetic energy > potential energy). At present the recession velocity 
at the distance of 2:10° light years is about 100 km/sec. This must therefore 
also have been the recession velocity of two neighboring protogalaxies at the 
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moment of separation or the individual expansion velocity of primordial gas masses 
of that size. In order to stabilize the situation and to permit the forces of gravity 
to hold the protogalaxies together, the velocity of turbulent motion must also have 
been of that order of magnitude. 

On the other hand, the thermal velocity of hydrogen atoms forming the pri- 
mordial gas at 7’ ~ 300° K. is about 3 km/sec. We conclude that turbulent motion 
was supersonic with Mach number of the order of 30. 

Some words must be added concerning the details of stabilization of the com- 
pression eddies. It has been suggested once® that, even if Jeans’s formula can be 
directly applied (i.e., in a nonexpanding gas), the rise of gas temperature caused by 
the turbulent compression will push the material back away from the center, so 
that no permanent gravitational condensation will result. To answer this question, 
one must remember that at the epoch of galactic formation the density of thermal 
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Fig. 1.—The dispersal of galaxies from the status nascendiis shown. (For con- 
venience of drawing, the expansion factor is 5 instead of 20.) 


radiation was comparable with that of the matter, while heat capacity of radiation 
was much larger than that of matter. In fact, for p ~ 10~* (i.e., 10~! particles 
per cubic centimeter) and 7' ~ 300° K., we have 


Cmat. = 3/2nk ~ 10-1*10—'6§ ~ 10—-"" erg. cm.—* degree 
and 
Crag. = 1/3 aT ~ 1/3°10—'**3-107 ~ 1077 erg. em.~* degree“. 


Heat capacity of thermal radiation was ten billion times (!) larger than that of 
matter, so that radiation served as a thermal reservoir forcing gas to compress 
isothermally. (It is interesting to notice that, even at the present state of the uni- 
verse with the mean density 10~-*° and assumed temperature of a few degrees, heat 
capacity of thermal radiation exceeds that of matter by the same factor.) 
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Thus it seems that the general picture of the expanding universe with the in- 
clusion of the turbulent motion in primordial gas gives a reasonably accurate pic- 
ture of the formation of galaxies. One can ask, of course, Why was the primordial 
gas in a supersonic turbulent state? The possible answer to this question is that 
turbulence may have been the result of some kind of internal instability in a 50-50 
mixture of matter and thermal radiation. In fact, mechanical and thermodynami- 
cal properties of such a system have never been investigated, and further investi- 
gations are badly needed in that field. 

1G. Gamow, Kong. Dan. Vid. Selsk., 27, No. 10 (1953), and earlier publications. 

2 H. Shapley, these ProceEpINGs, 37, 191 (1951), and earlier publications. 

3C. D. Shane and C. A. Wirtanen, Proc. Arner. Phil. Soc., 94, 13 (1950), and a new article in 
preparation. 

‘ Vera Cooper-Rubin, these PROCEEDINGS (in press). 

5 C, von Weizsiicker, private conversation. 


ON THE PROGRAM OF A SYSTEMATIZATION OF PARTICLES AND 
INTERACTIONS 


By A. Pais 
INSTITUTE FOR ADVANCED STUDY, PRINCETON, NEW JERSEY 


Communicated by J. R. Oppenheimer, April 19, 1954 


|. Reeently, the author has attempted! to consider baryons (nucleons and 
hyperons) as various half-integer representations of the full 3-dimensional rotation 
group O(3). The classification of states proceeds by assignment of a total isotopic 
spin /, its ‘‘3’’-component ¢;, and a parity. /; essentially determines the electric 
charge, and electromagnetic phenomena are invariant only with respect to a sub- 
group of Q(3) of rotations around a preferred axis. The parity quantum number 
serves to stabilize a limited number of baryon states against a rapid decay into 
nucleons under the emission of z-mesons or photons. The weak z-baryon decay 
interaction has again different properties than the meson-baryon or the electro- 
magnetic interactions as it disturbs the parity (i.e., the reflexion invariance). 

As has been pointed out in Paper I, the extension of the underlying manifold 
considered there is not unique. In discussing the conservation of baryons (Paper 
I, p. 871), it was noted that the framework is actually too limited for an incorpora- 
tion of this law. Meanwhile, the discovery? of the cascade particle (Y~) shows ina 
direct way that the model is inadequate: the introduction of a parity can never 
account for this phenomenon. ‘Thus the ‘‘minimum extension’’ discussed in Paper 
I (p. 873) must be considered too narrow. 

These and other attempts are based on an extension of the fundamental role of 
charge-independence (CI) in z-nucleon interactions to a wider system of particles. 
[f the symmetries and stability properties that do not seem to find a place in our 
present. theoretical picture. are manifestations of invariance properties with re- 
spect to a group G, it is natural first to try and identify G with the “CI-group” 
of the z-nucleon system, which may be considered as O,(3) (3-dimensional rotation 
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group with det. = +1) or, alternatively,* as the 2-dimensional unitary unimodular 
group SU(2). The latter is well known as the transformation group‘ of 2-component 
spinors in 3-space: two complex variables w; = 2 + 722, W2 = X3 + ix, transform 
according to SU(2) as w,’ = aw; + Bwe, we’ = —B*w, + a*we, aa* + BB* = 1. 
Note that 21? + 2? + 23? + x4? = invariant, so that SU(2), must be contained in 
the group O,(4) of 4-dimensional real orthogonal transformations with det. = +1. 

(0,(3), as well as SU(2), is generated by infinitesimal operators /, satisfying [I,, 
I,] = i,, a, 8, y = 1, 2,3 cyel. In Paper I we made a generalization O,(3) > 
()(3), i.e., we replaced O,(3) by a group which contains O;(3) as a factor group. As 
a result of this we gained the parity operation without losing the CI. 

It is indeed clear that, in general, it is sufficient for the incorporation of CI 
that the ClI-group be a factor group of G. This is of course a very broad limitation 
of G. There is, nevertheless, one alternative which commends itself by its simplic- 
ity and which leads to results that are not without interest: this is the group O,(4). 
It is the main purpose of this note to indicate the line of argument to which one is 
led in this instance. Before going into the details, the following remarks are in 
order: 

a) The possible validity of more conventional arguments for the long life of 
hyperons and heavy Bosons (like barrier effects due to high angular momenta) 
should be clarified before one can fully judge to what extent the stability of the 
particles discovered in recent years does in fact require new types of selection rules. 
However these two approaches are not mutually exclusive. 

b) Whatever choice for G is made along the lines indicated above, the electro- 
magnetic field must necessarily introduce a preferred orientation in the (general- 
ized) isotopic space. It does not seem possible to avoid this without changing 
drastically the physical contents of our present theories. 

Thus our present aim cannot be to make all interactions invariant under G. We 
shall rather try to extend the invariance of the strong z-nucleon interaction under 
the Cl-group to the invariance of a strong meson-baryon interaction under the group 
G. As in Paper I, the physical idea is once more to provide a mechanism for the 
copious production of hyperons which yet does not lead to their rapid decay under 
r- and/or y-emisson. Again, as in previous models, the weak -baryon decay in- 
teraction should have different symmetry properties than the strong coupling and 
the electromagnetic interaction. The hierarchy of interactions with different 
symmetry properties, already commented on in Paper I (p. 885), is indeed a general 
feature for any G. 

¢) In this note we shall, as in Paper I, assume the total frame of description to 
be the direct product of space-time and the manifold on which G acts. As al- 
ready noted in Paper II (see also sec. 5 of this paper), this must be considered as at 
best an approximate description. This has been especially emphasized by Pauli 
and by Yang (in unpublished investigations), who have studied attempts to loosen 
the rigid orthogonality of space-time and the “isotopic manifold”; they admit the 
possibility of free rotations of the isotopic manifold from space-time point to space- 
time point. 

We shall be unavoidably faced with such questions if it turns out that the notion 
of “isotopic manifold” makes good descriptive sense. It seems to me, however, 
that, in order to ascertain this, one may first endeavor to discern in the phenomena 
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under consideration the workings of one particular group. It is in this spirit that 
Papers | and II and the present note represent attempts at a “penetration into the 
world of the nucleon.’”® 

2. In this section we state the properties of O1(4) which are needed for the subse- 


ae 


quent discussion. The generators of O,(4) are operators Li, = —Lpi, i, k = 1, 
..., 4 which satisfy 

[Lizy Lim) = —t(Limder + Lebim — Libyem — Lemdii). (1) 

All Lx are hermitian. Define Lo = '/2* (Lg, + Les), a, 8, y = 1,2, 3eyel. Then 

(ir, tg) = tbr, (65, 22) = 0. (2) 

Hence (L te) = /* (J* +1), 1* =0,'/2,1,.... Furthermore, (L;-) = I3°, —l* < 


. <?". 

Thus the representations of O,(4) are in general specified by two numbers (I+, 
[-) which can range independently over the indicated domain of values. Equation 
(2) implies that O,(4) is essentially® the product of two groups SU(2). Thus O,(4) 
indeed contains the CI-group as a factor. (Incidentally, there are no other-dimen- 
sional rotation groups than O(8), O,(4), and the full group O(4) that contain either 
SU(2) or O,(3) as factor.) 

We shall need special representations of O,(4) and introduce, correspondingly, 
operators that satisfy specifications additional to equations (1) and (2). For the 
sake of evoking an analogy, I shall call these operators “orbital angular momentum” 
(Kix); “intrinsic spin '/,” (sx); “total angular momentum for spin !/2” (Ji). 
These are their definitions and properties: 

a) Ky. Consider a 3-dimensional Euclidean sphere S; (described by a set of 
three angular variables 2). A, are the generators of the rotations of this special 


representation space. K , satisfies equations (1) and (2) and K+? K~? = 0. Hence 
(K*?) = k* (k* + 1), while, moreover, k+ = k~. The representations are (hk, h), 


bat bs... 
b) six. Let B; be a set of 4 X 4 Dirac matrices B;. Put (—7/2)[8:, Be] = rm, 


Bs = —1828,81. We have [nux, Bs] = 0. A representation in which 8; is diagonal 
is provided by 8; = piti, 7 = 1, 2, 3, Bs = pe, hence Bs = p;. Here pj, 7; are two 
> _ 


sets of Pauli matrices. Accordingly, »* = '/2(1 + ps)r. 

Six = '/ony satisfies equations (1) and (2). In addition, (¥**) = s*(s* + 1) = 
3/,+{1 + ps). Thus we get two representations: ('/2, 0)+ and (0, '/2)~, where the 
superscript + refers here and in the following to the eigenvalues +1 of p; (i.e., 55): 

c) Ty. Defined by/x. = Kix + sux. Ji, commutes with 65. It satisfies equations 
(1) and (2). The representations are (i+, i~)+ and (i+, 7-)~, where i+, i> are sub- 
ject to the condition |i+ — i-| = 1/2. It follows that Q = Js+ + 37> + 1/2 has 
only integer eigenvalues. 

In what follows, ¥(2, Q) shall denote a field that is a spinor both with respect t0 
the Lorentz group’ and with respect to O,(4). Thus it has 16 components. We 
can write ¥(x, 2) = y4(a, 2) + y—(a, Q), Wa = '/2 (1 + Bs)¥. The Wx are semi- 
spinors with respect to O,(4), having 8 components each. One has /{ y = ty t+ 


Kiy-,liv = Kiv+ + 1zy-, hence: 
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v(x, Q) transforms like a spiver field with respect to the group SU(2) generated 


scalar 


by I, and it transforms like a Shinor field with respect to the group SU(2) gener- 
ated by 2. (2, 2) isin general a superposition of all states labeled by (7+, 7~) * 

When we talk in the following of an Q-dependent field like ¥(x, 2), this should be 
considered as a convenient shorthand for taking together all representations of 
0,(4) that satisfy certain constraints, like '¢+ —i-| = '/s, above. It is possible to 
use a more abstract terminology (the same could have been done in Paper I). 
However this may be, the emphasis lies for the present on the group and its rep- 
resentations rather than on the manifold on which the group acts (see also the 
end of sec. 4). 

3. Let us identify the 8-component nucleon wave function with the constant 
(Q-independent) semispinor y+ (x), corresponding to the representation’ ('/2, 0)*. 


— 


Then CI uniquely fixes the representation of the z-meson field @(2): it is (1, 0), 


i.e., a (constant) self-dual tensor. The CI z-nucleon interaction is aow® ~ ¢. 


is ae = 
V+ (x) nty+ (x) = bh+ (x) 7 Y+ (x). Thus CI emerges as invariance with respect to 
the group generated by /7. 

We can now ask for the most general interaction which contains ¢(x), W(x, Q), 
and P(x, 2) only and which is invariant under O,(4). This is now (apart from in- 
variant weight factors that do not affect the argument) 


~ g(x) S Va, 2) nt¥(x, Q) d2 = o(x) SP P+ (a, Q) rps (a, 2) dQ. (3) 


Thus there clearly exists a fundamental dissymmetry between y+ (a, 2) and y-(z, 
2) due to the characteristic transformation properties of the z-mesons. 
We shall now attempt to identify the baryon field with the semispinor y+ (2, Q), 


wae 
which is strongly coupled to ¢ by relation (3). Y+(a, 2) is a superposition of states 
labeled by (7+, 7~)*+ among which we have to identify the hyperons. Whichever 
they are, the experimentally indicated strong bonding of hyperons to nucleons? is 
guaranteed by relation (3) through the intermediary of the 7-mesons. 

De‘ine eQ as the charge operator for the baryons and e(/+; + /~;) as the corre- 
sponding quantity for Bosons. We are then ready to discuss the stability of the 
baryon states by means of the following rules: (1) In any transition 2%;+ and 
Yt3~> are conserved. (2) Two baryon levels combine under single z-emission if 


Ait = +1, 00 — O forbidden), Ai~ = 0, if energetically possible; (3) They 
combine under single y-emission if Ai+ = +1, 0, Ad- = 0 or At*+ = 0, Ai> = 


+1, 0. Thus the stability considerations are based on the conservation of 273~, 
together with the impossibility for baryon states to combine under y- or z- emission 
if Ait or Ai~ = half-integer. Note that there is no parity argument as in Paper 
I, 

It was Gell-Mann" who first drew attention to the fact that the forbiddenness 
of half-jumps by strong interactions may be a cause for hyperon stability. 
His model has two basic features: (1) baryons are described by an isotopic spin / 
capable of both integer and half-integer eigenvalues; (2) the charge need not be 
I; + '/2 for all multiplets. One will note a certain correspondence with the present 
notions by reading /*+, /3 for /, I. 
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In assigning states we shall assume that electromagnetic mass splittings within 
a given multiplet are relatively small. Then this picture of metastable particles 
develops: (a) ('/2, 0)* — nucleon; (b) (0, '/2)+ < A°, A*. Thus it is essential 
to verify whether or not A° is a member of a charge doublet, also because this con- 
stitutes a distinguishing feature between the Gell-Mann and the present model, 
There is little evidence!! for the existence of a charged hyperon with Q ~ 40 mey." 
(c) There is evidence!’ for charged hyperons with charge —e and +e and Q ~130 
mev. ‘These can be contained in (1, '/2)+, with {a3+, 73-} = {—1, —'/o} and 1, 
—'/,}, respectively. But then there should also exist a second A° with higher Q; 
{—1,'/,, as wellas'*a Att: }1, W/o}, Note that it is essential to the argument 
that the mass difference between (1, '/2)+ and (0, '/2)+ is <m,.  (d) ('/2, 1)* can 
now contain the cascade particle Y~: {—!/., —1}, but again one shows that this 
multiplet should then contain similar particles with charge (0, 1, 2)-e. 

Thus it is clear that the present considerations, however qualitative, lead to vari- 
ous veriMble statements due to the group properties that underlie them. We 
shall not go into further properties of the spectrum, such as the degeneracy for 
given charge of some of the levels or the stability of higher multiplets. Concerning 
the latter, we may only note that for baryon levels 21000m, above the nucleon, 
heavy Boson instability has also to be envisaged. Due to the combined effects 
of heavy Boson-, 7-, and y-decays, the “hyperon region’ can be seen not to extend 
beyond ~2850m, if the spectrum is widening sufficiently. 

A provisional classification of heavy Bosons can be given on the same basis as 
Gell-Mann’s ordering’? by equivalence considerations with baryon-antibaryon 
pairs. Considering in particular the reaction 7 + nucleon > A + B, it follows from 
the above assignments that-B is a Boson with (7+, i-) both half-integer, e.g., ('/2, 
'/,), which can therefore not be a z-meson. This exemplifies a general feature of 
this scheme: again, V-particles are produced in pairs® in nucleon-nucleon or 7 
nucleon collisions; note, however, that heavy Boson + nucleon ~ A + z7 is by no 
means excluded. 

To couple Bosons other than the 7-meson invariantly to baryons, one will now 


ae oe 
introduce Q-dependent Boson: fields. Example: Replacing ¢(2) by $(2, ), one 
gets a superposition of states for which {i+ — i-| = Oor 1. It is then possible to 
discuss the metastable properties of Boson states by the same rules as those for the 
hyperons. Thus, e.g. ('/2, '/2) cannot combine with a-mesons and_ photons. 
(Note: in these considerations no arguments are provided that link the space-time 
transformation properties of any Boson field with its isotopic assignment. ) 


Gell-Mann has pointed out" that the reaction 2 nucleons — 2A’s is forbidden 
if one can distinguish between heavy Bosons and anti-Bosons. This important re- 
mark is valid for any model.'® Example: Let B° be equivalent to A° + antineu- 
tron and B°’ equivalent to anti-A° + neutron. Then, if B° is not identical with 
B°’, 2 neutrons > 2A°’s cannot be brought about through the intermediary of B° 
or B°’. The reaction P + N > A° + At* can be discussed along similar lines. 
Thus further restrictions may be imposed on which specific combinations of V- 
particles are actually allowed in pair production. In any case the Bosons, which 
in this picture are equivalent to a particle-antiparticle pair, one belonging to ('/s 
(0) +, the other to (0, '/2)*, are all metastable with respect to decays into ’s and 7's. 
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The charge operator Q contains /;+ + /;~ = / 1» (ef. see. 2), i.e., the generator of 
rotations “in’’ the plane (12), ‘‘around” the plane (34). Thus electromagnetic 
phenomena introduce, geometrically speaking, a preferred plane in the space of S;. 
Also, the weak decay interactions introduce an element of preference: Let us con- 
sider the slow decay interactions A° ~ P + 2~, Y~ —~ A° + a~, which are so far 
rigorously forbidden. This means that the representation of the particle on the 
left-hand side is not contained in the product of the representations of the particles 
on the right. We can next ask: What representation has to be multiplied further 
into this product in order to proluve the initial state? From the assignment. of 
states it is seen that this is the representation ('/2, '/2): a vector. Thus, geometri- 
cally speaking, the decay interactions may be characterized by the introduction of a 
preferred axis in the space of S;. From the above-mentioned equivalence proper- 
ties of the heavy Bosons, it follows that the same characterization holds true for the 
heavy Boson decay. 

It may be noted that this characterization of the very weak interactions forbids 
reactions like Y~ — N + r~. Whatever the explanation for the cascading process 
may be, it is certainly remarkable that the particle Y~ should have a preference for 
decaying via two very weak interactions rather than combine directly with the 
nucleon in a one-step process. 


These, in outline, are the physical consequences of this particular choice of the 
group G, in so far as one considers the system of baryons, mesons (of integral spin), 
and photons.'? Of course, if one confines all considerations to this subsystem of 
particles, there is no sense in asking for an incorporation of the law of conservation 
of baryons in the theory. This question becomes meaningful only if one also 
introduces the light particles (electron, neutrino, uw, ...). Surely the existence of 
two disjoint groups of fermions constitutes an essential clue to the theory of matter. 

4. While for the heavy fermions both the symmetry properties embodied in CI 
and the peculiar stability properties of the hyperons are striking qualitative features, 
there is no evidence for invariance properties concerning isotopic spin, and little 
indication for unusual stability so far as the light fermions are concerned. How- 
ever, the apparent y-stability of the u-meson (u— e + y has not been observed) is 
noteworthy; in fact, the absence of any strong meson interaction leaves photon 
decay as the main source of information concerning stability. In addition to this, 
even the very weak interactions may produce information as regards stability. 
There is, for example, the peculiar circumstance that so far no electrons have been 
observed in Boson decay. However, it is still marginal from the exper mental 
point of view whether the absence of z-ele*tron decay tvuly poses a problem. ° 

Thus the light fermions do not give us mu*h information about the central ques- 
tion one is led to ask: Can all fermions be labeled by means of representations of G, 
and can their various interactions be classed in such a way that the law of conserva- 
tion of baryons emerges? 

While it is true that the baryons and the light fermions show an essential dissym- 
metry so far as the presence of strong meson interactions is concerned, they share 


the property of having electromagnetic interaction, and also as regards the weak 
decay interactions there are p*rallels: Note that the probability ratio for A° ~ P 


+ © versus > uw + v is, within a factor of 2, equal to the corresponding phase- 
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space ratio. Thus there are indications that, manifest disparities notwithstanding, 
a simultaneous discussion of baryons and light fermions may be called for even 
apart from the question of the baryon conservation law. 

We have seen in section 3 that the requirement of invariance of the strong z- 
meson interaction with y(a, 2) led to attributing to ¥+(a, 2) a role quite distinet 
from y—(x, 2) so far as the strong coupling to m-mesons is concerned. It seems, 
therefore, worth while to inquire whether y—(a, 2) could correspond to the light 
fermions in such a way that conservation of baryons is guaranteed. 

Let us then assume that all interactions commute with 6;.. By a reasoning similar 
to that given in Paper I (y is the full spinor), it follows that 


a ’ a : 
— f Jy,¥ d2 = 0, — S PBs, dQ = 0, 
Or, Qn, 


which amounts to 


i 
a S V+7.+ dQ = 0, (4) 
fe) é 
—— S d-r,H- ao = 0. (5 


Equation (4) states that the number of baryons — the number of antibaryons re- 
mains conserved; equation (5) refers in the same way to light fermions.'* — Of 
course, processes like 8-decay are not at variance with the conservation due to 
8;. Itshould be noted that the definition Q = /;+ + /;~ + '/» of the charge operator 
referring to y, can be extended to Q = /3* + /3> + '/s Bs in applying it to 
the full spinor field. Such a definition of electric charge forces one to the conserva- 
tion of baryons by virtue of the fact that the baryons are then differently gauged 
compared to the light particles. Of course, it remains a matter of convention 
whether one writes '/.8; or —'!/28;. The second choice would effectively corre- 
spond to a simultaneous interchange for heavy and light fermions of (particle, 
antiparticle). Compare the analogous situation in using 73 + !/>. or 73 — '/2 for 
nucleons in the standard isotopic spin formalism. 

In discussing baryon states we used the intuitive argument of approximate mass 
degeneracy in a multiplet. There is no ground to argue in this way for the light 
fermions, nor are there indications for any other satisfactory procedure in this case. 
We shall therefore leave the subject of light versus heavy fermions with the remark 
that in this scheme one has room for two fermion families for each of which one 
has a conservation law for their total number. As regards the study of specific 
particles, it may for the present suffice to state that the concept of the baryon as a 
semispinor with respect to O;(4) may be of heuristic value. 

The above remarks are intended to illustrate how the 4-dimensional rotation 
group constitutes a simple realization of the group G defined in greater generality at 
the beginning, and how, in terms of O,(4), one will go about the ordering of the par- 
ticles and their interactions. The main aim of this paper has been to state a pos- 
sible program ;”” it need hardly be stressed that the present suggestion must be 
considered as tentative. Some reasons for this have already been given in section I. 
Of course, the group O,(4) is richer in representations than the model O(3) stud- 
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ied in Paper I. One may well ask whether the arbitrariness in the choice of the 


representations |i+ — i-| = '/,is not too great. Here it should be noted that we 
could have given exactly the same analysis as in the foregoing by using all repre- 
sentations for which |¢+ — 7~| = half-integer without necessarily introducing ad- 


ditional metastable baryon states. Thus, as in Paper I, the entire discussion can be 
given in terms of all half-integer spin representations without enriching the results. 
We have excluded the ‘case |i+ — i-| = integer for the baryons, as one has then 
no obvious definition of a charge operator for the baryon family as a whole. The 
description of the electric charge seems one of the most crucial and least under- 
stood aspects of the problem. 

5. Finally, I would like to comment on the connection between the stability 
problems of fundamental particles and their mass values. No simple connection 
necessarily exists. Consider by way of analogy the situation in atomic physics: 
If an atomic system has metastable levels, this is due to symmetry properties of 
the system in isolation and to symmetry properties of its interaction with external 
agents. The actual position of such levels depends also on other properties of the 
system which have no direct bearing on selection rules. 

Likewise, if there exists something like a ‘“‘manifold of structure’”’ of fundamental 
particles, it may be a rational first step to ascertain by trial and error whether any 
group properties can be attached to this manifold by analyzing all symmetry and 
stability problems involved. As metastable states have a tendency to be low-lying 
and limited in number, this kind of question may be much more easily within reach 
of solution than the one of the actual mass spectrum of the particles. 

Over a period of many years attempts have been made to envisage a structure 
manifold as a finite extension in space-time. It is not clear that such nonlocal 
theories can consistently be formulated; however this may be, none of these en- 
deavors has so far brought us any new insight into the physical properties of 
particles. Yet, if we should have to admit the existence of a structure manifold, 
it seems hard to believe that this would not affect the spatiotemporal description 
of events. However, the underlying idea of the general program here outlined 
consists in an ordering of particles and interactions without touching on space-time 
properties. Hence it seems to me that in this way one may at best uncover some of 
the elements that should be contained in a more complete theory; it should be the 
role of such a theory to shed light on (1) the meaning of the divergences encountered 
in our present formalism; (2) the significance of the ‘preferred orientations’’ that 
are introduced through the electromagnetic (and possibly through the very weak) 
interactions. A more intimate connection between space-time and a manifold of 
structure seems difficult to establish as long as we require the unlimited applicability 
of our present space-time concepts. 

In conclusion it may be recalled?! that there exists a simple algebraic connection 
between O,(4) and the (proper) Lorentz group 1:(4): there is a one-to-one cor- 
respondence between the representations of O,(4) and the (finite-dimensional) 
representations of L,(4). However, the former are unitary, whereas the latter are 
not. It is this unitarity property which has enabled us to define the internal 
particle states in a consistent way. 


I want to express my gratitude to Dr. R. Jost, with whom I have had many 
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discussions on these and related topics. I am also greatly indebted to Dr. M. Gell. 
Mann for communicating his results before publication and for a stimulating cor. 


respondence. 
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THE BIOSYNTHESIS OF ISOLEUCINE AND VALINE. I. ENZYMATIC 
TRANSFORMATION OF THE DIHYDROXY ACID PRECURSORS TO THE 
KETO ACID PRECURSORS* 

By Joun W. Myers anp Epwarp A. ADELBERG 
DEPARTMENT OF BACTERIOLOGY, UNIVERSITY OF CALIFORNIA, BERKELEY, CALIFORNIA 
Communicated by H. A. Barker, February 23, 1954 
Analysis of isoleucine-valine-requiring mutants of Escherichia coli and Neurospora 
crassa has disclosed a unique interrelationship between the biosynthetic pathways of 
isoleucine and valine. It has been shown that the last two steps in the synthesis of 
these amino acids proceed through homologous compounds, namely, from the 
corresponding a,8-dihydroxy acids (DHI and DHYV)!' through the a-keto acids 

(KI and KV)! to the amino acids:? 


CH; CH; CH, 
CH, CH, CH, 
> CH;—-C—CH—COOH — CH;—CH—C—COOH — CH;—CH—CH—COOH 


OH OH O NH, 
(DHI) (KxI) (Isoleucine) 
(CH; CH; CH; 


—~ CH;—-C—CH—COOH — CH;—CH—C—COOH — CH;—CH—CH—COOH 


OH OH O NH 
(DHV) (KV) (Valine) 


Three tyres of isoleucine-valine-requiring mutants are known: those blocked 
for the transamination of the keto acids (Class I), those blocked for the conversion 
of the dihydroxy acids to the keto acids (Class I]), and those appearing to be blocked 
prior to the dihydroxy acids (Class III). Those mutants analyzed to date show 
double accumulations; that is, Class I mutants accumulate both KI and KV, while 
Class II mutants accumulate both DHI and DHV.*~* Thus in these mutants each 
mutation has led to the loss of function at an analogous step in each of the two 
biosynthetic pathways. 

It was originally proposed by Bonner® on the basis of nutritional evidence later 
shown to be invalid,? that a primary or genetic block existed in only one of the 
pathways and that an analogous ste) in the other pathway was inhibited secondarily 
by the accumulated intermediate. However, more recent work has not borne out 
this hypothesis, since both Rudman and Meister’ and Adelberg and Umbarger*® were 
able to demonstrate the absence of glutamic acid transaminase activity for both of 
the keto acid precursors of isoleucine and valine in Class I mutants of EZ. coli. 

Evidence will be presented in this paper that a similar situation exists in Class II 
mutants, blocked at the conversion of the dihydroxy acids to the corresponding keto 
ecids. Extracts of wild-type Z. coli and Neurospora contain an enzyme or enzymes 
Cehydrating the dihydroxy acids; extracts of Class II mutants are deficient for both 
aetivities. 
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Organisms.—The wild-type strains used were EF. coli ATCC 9637 and N. crassa 
25a. The mutants used for comparison were L. coli M42-11 and N. crassa 161174. 
Strain M42-11 was originally obtained by Dr. Bernard D. Davis as an induced 
mutant of strain 9637. Strain 16117A was originally obtained by Dr. E. L. Tatum 
as an induced mutant of wild-type Neurospora. Both the E. coli and the Neuro- 
spora mutants accumulate the dihydroxy acids. 

Preparation of Dried-Cell and Cell-Free Extracts.—The E. coli strains were grown 
for 12-15 hours on a rotary shaker at 30° C. in the medium of Gray and Tatum® 
enriched with 0.2 per cent Difco yeast extract and 0.2 per cent casein digest (NZ- 
case). The cells were harvested by centrifugation and washed with M/50 phos- 
phate buffer at pH 7.0. The dried cells were prepared according to the procedure of 
Wood and Gunsalus.'®  Cell-free extracts were prepared by exposure to sonic vibra- 
tion ina Raytheon 9-ke. oscillator. The wet paste of cells was suspended in 5 times 
its weight of M./50 phosphate buffer, pH 7.0, exposed 20 minutes in the Raytheon, 
and centrifuged at 20,000 < g. for 30 minutes. As far as possible, operations were 
earried out in the cold. 

The Neurospora strains were grown 72 hours on a shaker at 30° C. in minimal 
medium!! supplemented with 100 mg. of dl-isoleucine and 72 mg. of dl-valine per 
liter. The mycelial mats were filtered on a Buchner funnel, washed repeatedly with 
demineralized water, and frozen. The frozen mats were ground in a mortar with 
2.5 times their weight of levigated alumina and extracted with 5 times their weight 
of M/50 phosphate buffer, pH 7.0. The resulting suspension was centrifuged at 
20,000 X g. for 30 minutes. 

The extracts were stored at —20°C. The E. coli extracts were quite stable under 
these conditions, but the Neurospora extracts were relatively labile, losing half their 
activity in a few days. 

All dialyses were carried out against 0.02 M potassium phosphate—0.01 J 
cysteine adjusted to pH 7.0. Charcoal and Dowex-1 treatments were carried out 
according to the procedure of Stadtman, Novelli, and Lipmann.!” 

Substrates.—The preparation of natural and synthetic DHI and DHV has been 
described. !* 

Demonstration of Dehydrase Activity in Wild-Type Organisms.—The enzyme(s) 
catalyzing the conversion of the dihydroxy acids to the keto acids will be referred to 
Cell-free extracts were assayed for dehydrase 


” 


as “dihydroxy acid dehydrase. 
activity in the following manner: tubes containing 1-2 1M DHI or DHV, 100 uM 
Tris-HCl buffer, pH 8.3, 10 uM MgSO,, and 0.2-0.3 ml. extract in a total volume of 
1.0 ml. were incubated at 37° C. for the desired time with appropriate controls. 
The reaction was stopped by the addition of 0.5 ml. of 20 per cent trichloroacetic 
acid. Dried cells were assayed similarly, except that 40 mg. of dried cells were 
added in place of the extract. The keto acids in an aliquot of the supernatant after 
centrifugation were estimated with the direct method of Friedemann and Haugen.” 
Determinations made with Friedemann and Haugen’s indirect method agreed 
satisfactorily with those made with the direct method. 

The keto acids produced under these conditions by preparations from the wild 
types, EH. coli 9637 and N. crassa 25a, were tentatively identified by filter-paper 
chromatography with water-saturated sec-butanol-acetic acid (95:5 v/v) using a 
semicarhazide spray.'!® The reaction products had PR, values identical with those of 
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KI and KY, respectively. Confirmation of the identity of the products was 
obtained by carrying out the enzymatic reactions in the presence of pyridoxal- 
phosphate and an excess of glutamate. Since both #. coli and Neurospora prepara- 
tions contain active transaminases, these conditions should cause the formation of 
isoleucine from DHI and valine from DHV, instead of the corresponding keto acids. 
That this was actually the case was shown by chromatographing the reaction mix- 
tures On paper using n-butanol-acetic acid-water (50:3:12.5 v/v) and spraying with 
0.2 per cent ninhydrin in alcohol. The reaction products had the same #2, values as 
known isoleucine and valine, respectively. Keto acid chromatograms of the same 
reaction mixtures showed a corresponding decrease in the amounts of formed KI 
and KV. 

Dehydrase Activity of the Mutant Extracts.—Extracts and dried-cell preparations of 
the #. coli mutant M42-11 consistently failed to show dehydrase activity toward 
either substrate as measured by keto acid production. The conditions of assay were 
such that a net production of 0.02 uM of keto acid could have been detected. Under 
the same conditions of assay wild-type EF. coli extracts produced about | micromole 
of keto acid with either substrate. KV and KI disappearance was negligible in the 
presence of extracts of both mutant and wild-type, as indicated by control experi- 
ments. Mutant and wild-type extracts were also compared with respect to trypto- 
phane desmolase and threonine deaminase activities. Tryptophane desmolase was 
determined by measuring indole disappearance and tryptophane formation si- 
multaneously, '® and threonine deaminase was assayed by following keto acid produc- 
tion. ‘Tryptophane desmolase activity was present in comparable amounts in the 
mutant and wild-type extracts. However no threonine deaminase could be 
demonstrated in 2. coli M42-11, although extracts of wild-type EZ. coli showed con- 
siderable activity. The significance of this is not clear. These data are summa- 
rized in Table 1. 


TABLE 1° 
CoMPARISON OF E.NzYMATIC ACTIVITIES IN SOLUBLE Extracts OF Winp-Tyre AND Mutant E. coli 


uM SupsrRate 
DISAPPEARED OR 


ENZYMATIC INcUB. Propucr FoRMED: 

PREP ACTIVITY SUBSTRATE TIME, SUBSTANCE ~ Wild- 
No DerTeERMINED Cpd uM MIN DETERMINED ype Mutant 
| Dehydrase? DHV 6 60 Keto acid 1.40 <0.02 
I Dehydrase? DHI 6 60 Keto acid 0.80 <0.02 
II Dehydrase DHV l 15 Keto acid 0.77 <0.02 
I] Dehydrase DHI l 15 Keto acid 0.52 <0.02 
II = Tryptophane desmolase Indole 0.4 15 Indole —0.04  —0.04 
Try ptophane 0.05 0.05 
I] Threonine deaminase L-threonine 10 15 Keto acid Bs. <0.05 

‘ Conditions as described in text. The volume of the cell-free extract in all cases was 0.2 ml 


» Dried-cell preparation 


The results with the NV. crassa mutant 16117 were complicated by the fact that 
some of the extracts contained considerable quantities of the dihydroxy acids. It 
was thus necessary to compare mutant and wild-typ2 extracts after dialysis or 
treatment with charcoal. The results may be seen in Table 2. The 16117 extracts 
nearly always contained some activity, usually less than one-tenth that of the wild 
type. On the other hand, threonine deaminase and tryptophane desmolase activi- 
ties were comparable in the mutant and wild-type extracts. Control experiments 
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showed that neither mutant nor wild-type preparation metabolized added KV or KI, 

Experiments with Extract Mixtures.—In order to determine the nature of the low 
activity in mutant extracts, experiments were performed in which mixtures of 
mutant and wild-type extracts were incubated with each substrate. Such experi- 


TABLE 22 


Comparison OF ENzymatic AcTIVITIES IN SOLUBLE Extracts or WiLp-Type AND Mutant 


N. crassa 

uM Supstrate 

DISAPPEARED OR 
ENZYMATIC INcuB. Propuct Formep 

Prep ACTIVITY -—SUBSTRATE — TIME, SUBSTANCE Wild- 

No DETERMINED Cpd uM MIN. DETERMINED Type Mutant 
I Dehydrase DHV l 30 Keto acid 0.60 0.04 
I Dehydrase DHI l 30 Keto acid 0.44 0.02 
II Dehydrase DHV 2 30 Keto acid 0.51 <0.02 
II Dehydrase DHI 2 30 Keto acid 0.50 <0.02 
III Dehydrase DHV l 30 Keto acid 0.38 0.02 
III Dehydrase DHI l 30 Keto acid 0.40 <0.02 
III Tryptophane desmolase Indole 0.4 35 Indole —0.29 —0.29 
Tryptophane 0.26 0.26 
III Threonine deaminase L-threonine 10 15 Keto acid 0.90 0.63 


“@ Conditions as described in text. The volume of the cell-free extract in all cases was 0.3 ml. 


ments would be expected to disclose the existence of dissociable inhibitors. (Since 
the Neurospora preparations were dialyzed, any such inhibitors in these extracts 
would have to be of high molecular weight.) As may be seen in Table 3, no in- 
hibition of wild-type by mutant extracts occurred, nor could stimulation of mutant 
activity by boiled wild-type extracts be demonstrated. In fact, the data show that 
the mutant extracts actually had a slight stimulatory effect on wild-type activity. 
The reason for this is not clear. 
TABLE 32 


DeuyprRase Activities OF MrxtTures or [Iixtrracts FROM WILD-TyPE AND MuTANT ORGANISMS 
uM Kero Acip 


BoILeD BoiLED , 
Exrract or Exrracror Extractor EXxTRAct oF Provucen IN 30 
Witp Type, Murant, Wito Tyee, Mutant, MINUTES FROM _ 
ORGANISM Mu. Mu ML. ML. DHV DHI 
( 0.1 eo or aes 0.63 0.49 
| 0.1 0.1 ees 0.70 0.55 
EK. colt. ; 0.1 ~ ee 0.1 0.69 0.52 
0.1 es wet <0.02 <0.02 
seat 0.1 0.1 <0.02 <0.02 
(0.3 : 0.23 0.20 
| 0.3 0.3 ; 0.26 0.21 
N. crassa | OS eke 0.3 0.26 0.23 
0.3 = <0.02 <0.02 
0.3 0.3 ae <0.02 <0.02 


@ Conditions as described in text. 


Discussion.—The lowered dihydroxy acid dehydrase activity in the EZ. col’ and 
Neurospora mutants may represent gene-controlled enzyme deficiency, enzyme 
alteration, or production of an irreversible inhibitor. In any case, both the isoleu- 
cine and the valine biosynthetic pathways are equally affected, and the findings in- 
validate the ingenious hypothesis that a primary block in one pathway caused 
secondary inhibition of the other. 

In studies on catabolism, acceptance of the proposal thet a given enzymatic 
reaction is part of the sequence responsible for the oxidation of a given compound 








pe 
be 
T 
th 
fo 


fu 
st 





NT 


sMS 


we ewww ~ 


moe 


ind 
me 
eu- 
in- 
sed 


atic 
ind 











Vou. 40, 1954 PHYSIOLOGY: MYERS AND ADELBERG 497 


generally requires that the rate of the reaction be compatible with the over-all 
oxidation rate of that compound. It is felt that, whenever possible, anaiogous 
criteria should also be applied in biosynthetic studies, and such an application is 
herewith presented. 

The wild-type Z. coli culture from which the dehydrase was prepared had a gen- 
eration time of 1 hour and was harvested during the logarithmic phase. The 
growth rate of the culture can be expressed as follows: 


where w = wet weight of cells and ¢ = time in hours. Integration then gives 
kt 
WwW = Wie 


where we = wet weight at = 0. Assuming w = 2w» at ¢ = 1 (generation time of | 
hour) and solving for /, we-find 


k = Inj2 
Therefore, 
dw 
= win2. 
at 


When | g. wet weight of cells is present, 


dw as 
= iIn2 = 0.7. 
dt 


Thus the growth rate of 1 g. wet weight of cells is 700 mg./ hr. 

Assuming dry weight to be 30 per cent of wet weight, protein to be 60 per cent of 
the dry weight, and isoleucine and valine each to be 5 per cent of protein, it may be 
calculated that | g. wet weight of cells must synthesize isoleucine and valine each at 
the rate of roughly 50 wM/hr. Observed dehydrase activities of extracts ranged 
from 50 to 100 uM /hr./g. wet weight of cells extracted with DHV as substrate and 
from 30 to 60 uM/hr./g. wet weight of cells extracted with DHI as substrate and 
were thus compatible with the rate of amino acid synthesis required for growth. 
Extracts of the mutant, however, had a maximum activity of 1.0 uM/hr./g. wet 
weight of cells extracted, so that the loss of dehydrase activity was sufficient to 
account for the amino acid requirements of the mutant. 

Similar calculations could not be made for Neurospora, however, because of the 
peculiar nature of mycelial growth. As pointed out by Emerson,'? the mycelium 
behaves roughly like a spherical mass in which growth occurs only at the surface. 
There is thus no way of knowing what fraction of the total mycelial mass is biosyn- 
thetically active at any given moment or what fraction is using formed amino acids 
for protein synthesis. 

Purification of the dihydroxy acid dehydrase system will be carried out in the near 
future in order to determine whether one or two enzymes are involved and to permit 
studies on the properties and kinetics of the system. A few known facts regarding 
the crude enzyme preparations may be of interest, however. The enzyme system 
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requires Magnesium ion but no other dialyzable cofactor and has a pH optimum 
between 8 and 9. Cysteine is required to prevent inactivation during dialysis, 
The system is sensitive to 10~* M_ fluoride. It is not inhibited by 
isoleucine or valine. The equilibrium appears to be far over toward keto acid 
formation; yields approximating 100 per cent conversion of the dihydroxy 
acids are obtained. Treatment of the preparations with Dowex-1 or charcoal 
causes no decrease in activity. The crude preparations of wild-type E. coli de- 
hydrate approximately 1.0 uM of dihydroxy acid/hr./mg. protein at 37° C.; those 
of Neurospora approximately 0.5 wM/hr./mg. protein (protein determined by the 
biuret method).!* 

The specificity of the enzyme(s) cannot be determined until purification is 
accomplished, but the fact that activity toward both the isoleucine and the valine 
precursor is lost by an established single-gene mutation in Neurospora suggests that 
one enzyme catalyzes both reactions. This possibility is strengthened by the 
previous demonstration of a single enzyme for the transamination of the homologous 
keto acids. 

Summary.—Extracts of E. coli and N. crassa were shown to catalyze the dehydra- 
tion of both a,8-dihydroxyisovaleric acid and a,8-dihydroxy-6-methylvaleric acid 
to the corresponding keto acid precursors of isoleucine and valine. Mutants of both 
species which require isoleucine and valine for growth and which accumulate both 
dihydroxy acids have been analyzed for dehydrase activities. Extracts of the E. 
coli mutant show no detectable activity toward either substrate, while extracts of 
the N. crassa mutant have 10 per cent or less of the activity of the wild type. 
Experiments with mixed mutant and wild-type extracts indicate that the decreased 
activity of the mutants was not due to the presence of a dissociable inhibitor or to 
the lack of a heat-stable cofactor. The double requirement for isoleucine and valine 
is thus due to the simultaneous loss of two enzymatic activities, and not to any 
metabolic interactions. The enzyme system in question—dihydroxy acid dehy- 
drase—has been characterized in a preliminary fashion. Calculations are presented 
which show that in wild-type Z. coli the dehydrase activity is sufficiently high to 
account for the isoleucine and valine synthesized during growth, whereas the dehy- 
drase activity of the mutant is sufficiently low to account for the amino acid growth 
requirement. 

* This work was supported by a contract between the Regents of the University of California 
and the Office of Naval Research. 

| The following abbreviations will be used throughout this paper: 


KI = the keto acid corresponding to isoleucine (a-keto-8-methylvaleric acid). 
KV = the keto acid corresponding to valine (a-ketoisovaleric acid). 
DHI = the dihydroxy acid corresponding to isoleucine (a,8-dihydroxy-8-methylvaleric acid). 
DHV = the dihydroxy acid corresponding to valine (a,8-dihydroxvisovaleric acid). 
2 Umbarger, H. E., and Adelberg, Ik. A., J. Biol. Chem., 192, 883 (1951). 
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A NONENZYMATIC [ILLUSTRATION OF “CITRIC ACID TYPE” 
ASYMMETRY: THE MESO-CARBON ATOM* 
By PEARL ScHwartzt AND H. E. Carrer 
DIVISION OF BIOCHEMISTRY, NOYES LABORATORY OF CHEMISTRY, UNIVERSITY OF [ILLINOIS 
Communicated March 8, 1954 
It has been clearly demonstrated that in the enzymatic synthesis and degradation 
of citric acid the two -CH.CO.H groups behave differently.'~'' One arises from 
acetate and yields the carboxymethyl group of the derived a-ketoglutarate® * > % °%. 
The other is produced from the carboxymethyl group of oxaloacetate and yields 


the oxalyl group of a-ketoglutarate:' * & *: 
C*O.H C*O.H C*O.H C*O.H 
C*H, C*H, C*HOH C*O 
(0—COH-+ HO—C—CO.H —"““S GH—COH > CH: 
+ C+H, CoH, C+H, 
C+H,—C+0.H  C+0.H C+O.H C+O.H 


Thus one of the groups in citric acid is described as the ‘‘oxaloacetate-derived, aconi- 
tase-active group” and the other as the ‘‘acetate-derived, aconitase-inactive group.’ 
Ogston'? has attempted to explain this specific behavior of the two “identical” 


groups i a symmetrical molecule on the basis of a “three-point” attachment of the 


’ 


citrate molecule to the enzyme surface. Wilcox'*® has also advanced a theoretical 
explanation of this behavior. 

In view of the unexpected results obtained in these enzymatic reactions, it 
seemed highly interesting to determine whether an analogous behavior could be 
demonstrated in a nonenzymatic, homogeneous reaction system, or, in other words, 
to discover whether an unequal amount of the two diastereoisomeric products would 
result from the reaction of an asymmetric substance L-X with a molecule of the 
type C(aabd) in which all four groups are symmetrical (i.e., possess at least one 
plane of symmetry), and two (aa) are identical but differ from the two other, dissim- 
ilar groups (bd): 


C(aabd) + L-X — p-C(abd)—L-X + t-C(abd)—L—X 


Since enzymatic reactions characteristically show a high stereochemical specificity 
as compared with simpler systems, it seemed unlikely that any nonenzymatic reac- 
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tion would yield a highly disproportionate amount of the two products. It was 
essential, therefore, to select a clean-cut reaction giving a high vield of the two 
diastereoisomeric products. Otherwise, analysis of the reaction mixture and inter- 
pretation of the results would be highly complicated. In particular, it seemed 
desirable to employ as the C(aabd) molecule one in which the reaction of one (a) 
group would hinder or prevent reaction of the other. 

After considering several possible substances, 8-phenylglutaric anhydride was 
selected as the most promising. ‘This compound has some similarity to citric acid 
in that it is a B-substituted glutaric acid derivative. It reacts smoothly with 
amines, and reaction of one of the (a) groups destroys the other. The monoamides 


produced are usually nicely crystalline solids. 
A study was therefore undertaken of the reaction of 6-phenylglutaric anhydride 
with optically active amines: 
CH,—CO CH,CONHR* CH2CO2H 
\ 


CHCH ‘0 + R*NH, ——> GHC, + CARCR 


ff | | 
CH,.—CO CH,CO.H CH,CONHR* 


The first amine studied {d-desoxyephedrine, CsH;CH2,CH(NHCH;)CHs3] gave an 
almost 50-50 ratio of the two products. However, with /-a-phenethylamine 
{(CsH;CH(NH.)CH,], highly significant results were obtained. The conditions 
finally selected for optimum yield and convenience are illustrated by the following 
reaction, which represents one of a number of similar runs. 


EXPERIMENTAL 


To 7.6 gm. (0.04 mole) 8-phenylglutaric anhydride, dissolved by warming on the 
steam cone in 44 ml. of hot benzene (about 50°), was added dropwise, with a pipette, 
an equimolecular amount (4.84 gm., 0.04 mole) of /-a-phenethylamine. The amine 
adhering to the walls of the weighing vessel was washed in with 6 ml. of benzene. 
The solution quickly became viscous, and started to deposit crystals within several 
seconds; within a few minutes the mass became semisolid. The mixture was allowed 
to stand at room temperature for several hours. It was then diluted with 50 ml. 
of benzene: hexane, 3:1 v/v. The mixture was placed in the cold room for 48 hours 
to complete the crystallization. The fine, powdery precipitate was then filtered 
with suction; on the funnel it packed down to a hard cake. This was washed with 
a little cold benzene and dried in vacuo over concentrated sulfuric acid. The yield 
was 11.7 gm. (95 per cent). 

Analysis: Calculated for CygH.,03;3N: C, 73.28; H, 6.81; N, 4.52; neutraliza- 
tion equivalent, 311.4. Found: C, 73.20; H, 6.95; N, 4.50; neutralization 
equivalent, 311. 

In other similar runs the yields ranged from 11.4 to 11.7 gm. (93-95 per cent) (neu- 
tralization equivalents, 311-314; [a]7 = —69°.5 to —70° [2.5 per cent solution in 
methanol )). 

These products were used in a series of fractionation studies which finally led to 
the separation of each of the isomers in the pure state. Repeated extraction of 
the mixtures with warm (40°) ethyl acetate left a residue from which the less soluble 
isymer (A) was obtained by three recrystallizations from hot ethyl acetate (30 
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volumes) in the form of platelets meltmg at 184°-185° (microblock, uncorrected). 
The ethyl acetate-soluble material was recrystallized from acetone and then from 
ether, giving the more soluble isomer (B). It was subsequently found that, once 
crystals of pure A and B were available, the entire process could be accomplished 
from ethyl acetate by stepwise concentration and alternate seeding with A and B 
erystals. The B-enriched fractions (m.p., 130°-160°) obtained in this way were 
recrystallized from 70 volumes of hot ethyl acetate, giving pure B (rectangular 
plates) melting at 169°-170° (microblock, uncorrected). The average specific rota- 
tions of the various materials are summarized below: 

Isomer A: = —83°.3 (range, —83°.1 to —83°.5); 

Isomer B: = —49°.4 (range, —49°.2 to —49°.5); 

Total products: [a]’J = —69°.8 (range, —69°'5 to —70°). 
From these data it can be calculated that the total product contained 60 per cent 
of isomer A and 40 per cent of isomer B. If all the remaining 5 per cent of un- 
accounted-for reaction product were isomer B, the ratio would be 57-43. A solu- 
bility analysis of the reaction product showed exactly 60 per cent of the less soluble 
isomer to be present in the reaction product. (The authors wish to express their 
appreciation for this analysis to R. J. Herberg, Physiochemical Research Division, 
Lilly Research Laboratories.) 


DISCUSSION 


These data clearly show that asymmetric reactions of the citric acid type can 
occur in homogeneous solution, without requiring attachment to, or complexing 
with, an enzyme surface. Furthermore, the production in these reactions of two 
diastereoisomeric substances possessing different thermodynamic properties de- 
mands the conclusion that the two (a) groups from which they were derived are 
themselves not stereochemically equivalent. This concept, that the two (a) groups 
per se are stereochemically different without regard to isotope labeling or attach- 
ment to an enzyme surface, has not been clearly stated and, in certain cases at least, 
has not even been recognized. As a matter of fact, the citrate-enzyme model of 
Ogston is actually a demonstration of the nonequivalence of the two -CH,CO.H 
groups, rather than an explanation of the difference in behavior of two “identical” 
groups when combined with an enzyme surface. 

The stereochemical nonequivalence of the two (a) groups in the molecule C(aabd) 
can be clearly shown in two or three ways. Such molecules" possess a plane of 
symmetry passing through the carbon atom C and bisecting groups (b) and (d) (see 
Fig. 1). The two halves are mirror images as required by the definition of a plane 


(b) 


(2) (C) emma (<1) 
(d) 
Fig. 1 


Olsymmetry, but they are not superimposable, and the (a) groups bear an antipodal 
relationship to each other. Thus the molecule C(aabd), although it does not con- 
fain an asymmetric carbon atom and does possess a plane of symmetry, neverthe- 
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less contains two groups (aa) which are asymmetrically located with respect to the 
remainder of the molecule and which bear a mirror image relationship to each 
other. 

In discussing the various ‘‘degrees”’ of asymmetry of the saturated carbon atom 
two unique types must be considered, namely, C(abde) and C(aabd). The former 
is the “asymmetric carbon atom,’’ a term whose stereochemical implications are 
thoroughly understood. If two groups of an asymmetric carbon atom are made 
identical, the resulting molecule [C(aabd) | has a plane of symmetry, and the carbon 
atom is no longer asymmetric. However, the mirror-image halves are not super- 
imposable, and the two (a) groups, which are asymmetrically related to the re- 
mainder of the molecule, will react at different rates with an asymmetric reagent. 
Since these are the only two types of carbon atoms showing specific behavior toward 
an asymmetric reagent (any further simplification gives molecules whose mirror- 
image halves are superimposable), it seems desirable to describe the C(aabd)-type 
carbon atom by a term reflecting its stereochemical characteristics. In this con- 
nection, the close similarity between a carbon atom of this type and the meso form 
of a substance containing two like asymmetric carbon atoms is of interest. Each 
possesses a single plane of symmetry separating mirror-image halves which are not 
superimposable. In each, the symmetry results from the internal compensation of 
two enantiomorphically related groups. The main difference is that in the meso 
form the two groups are themselves asymmetric, whereas in the C(aabd) molecule 
they are symmetrical groups asymmetrically located in the molecule. In view of 
this close similarity we suggest that a carbon atom of the type C(aabd) be desig- 
nated as a ‘‘meso-carbon atom.” Such a term provides a convenient classification 
for this type of asymmetry and clearly emphasizes the most important stereochemi- 
cal property of such a carbon atom, namely, that each of the two (a) groups bears an 
asymmetric relationship to the remaining three groups and thus can be expected to 
show some degree of stereochemical specificity in reacting with an asymmetric sub- 
stance. 

It should be noted that most substances containing a meso-carbon atom will have 
but a single plane of symmetry, separating nonsuperimposable halves. However, 
a molecule containing two like meso-carbon atoms, C(aab)-C(aab), possesses two 
planes of symmetry each separating superimposable halves. Yet such a molecule, 
just as the simpler C(aabd) type, would be expected to yield unequal amounts of 
diastereoisomers on reaction with an appropriate asymmetric reagent. !° 

This example emphasizes the necessity of considering the nature of the individual 
carbon atoms involved, rather than the over-all symmetry of the molecule, 
evaluating the reaction of a symmetrical molecule with an asymmetric reagent. 
In any molecule containing one (or more) meso-carbon atoms, reaction of the two 
(a) groups with an asymmetric reagent will proceed at different rates, yielding 
unequal amounts of diastereoisomeric products. In the case of a highly asymmet- 
ric reagent, such as an enzyme, the difference in rates is usually such as to give ex- 
clusively one diastereoisomer, whereas with less complex systems the discrimination 
may be very much less. 

A second method of illustrating the stereochemical nonequivalence of the two 
(a) groups arises from a consideration of the relationship of each of the (a) groups 
to the remaining three groups of the molecule (Fig. 2). _ If one looks from the “right” 
(a) toward the central carbon atom, the remaining three groups are seen in the 
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clockwise order (a) —~ (b) — (d), whereas from the “left’’ (a) the clockwise order is 
reversed (a) — (d) > (b). Furthermore, this same difference is observed in a rear- 
ward approach to either of the faces opposite the (a) groups. Therefore, an asym- 
metric reagent will encounter an asymmetric environment whether it reacts di- 
rectly with (a) or displaces (a) by an inversion reaction from the rear. Or, to state 
the situation in another way, a group (a) attached to a carbon atom containing three 
dissimilar groups is asymmetrically located regardless of whether one of the three 
groups Is also an (a) group. 

This method of viewing the situation provides a basis for describing each (a) 
group uniquely. A simple method of approaching the problem is to orient the 
molecule as in the Fischer projection formulas, with one unlike group—assume it 
to be (d)—below, and the other—(b)—above (Fig. 3). The two (a) groups could 


Fie. 3 


then be designated by an appropriate symbol or word indicating their configuration. 
There is one major difficulty in this approach, and that is the formulation of a satis- 
factory general basis for orienting the two unlike groups “up” and “down” (o1 
“right” and “left’’) respectively. It seems premature to attempt a solution of this 
problem in the present paper. However, as a basis for discussion, two specific 
examples (citric acid and glycerol) will be discussed. 

Martius and Schorre'® have synthesized L(—)a,a-dideuterocitric acid by the 
following method: 


CO CO.H 
CO CD. 
CH: HO—C—CO.H 
DeOQ» 
O C—CO.H —— CH: 
CO: 
CH, CO.H 
CO.H 
L(—)-Oxalocitramalic L(— )-Dideuterocitric 
acid lactone acid 
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The D isomer was prepared in the same manner from p(+) oxalocitramalic aeid 
lactone. On enzymatic degradation,'' the a-ketoglutaric acid obtained from the 
L isomer retained the deuterium label, whereas that from p(-+ )-dideuterocitrie acid 
contained no deuterium. These results with the two isomers eliminate the possi- 
bility that an “isotope effect’’ was responsible for the observed differences. 

The two dideuterocitric acid isomers, written according to the Fischer conven- 
tions, are shown below. (The original authors!! wrote the L isomer as 


OH 
HO.C—CH,—C CD.—CO.H, 
CO.H 


but if this molecule is written according to the Fischer convention [with top and 
bottom groups projecting behind the plane of the paper], it must be formulated as 
shown.) 


OH OH 
HO.C—CH,.—C CD.CO.H HO;C—CD,—C CH.CO.H 
CO.H CO.H 
D Dideuterocitric acids i 


In the L isomer the deuterium was present in the acetate-derived, aconitase-inactive 
group, whereas in the p isomer the deuterium was present in the oxaloacetate- 
derived, aconitase-active group. Therefore, if citric acid is written with the OH 
“up” and the CO.H “down” the oxaloacetate-derived group is the “right’’ group, 
while the acetate-derived group is the “left”? group: 

OH 

(left) HO.C—CH, C———CH,CO.H (right) 

CO.H 
It is possible, therefore, to indicate either of the two -CH,CO.H groups in citric acid 
specifically by an appropriate word or letter or by a projection formula. 

xlycerol] contains a meso-carbon atom, and, since the configuration of the glyc- 

erophosphoric component of phospholipides is known to be L, the —CH,OH group 


carrying the phosphate group becomes the “left’’ group when the molecule is oriented 
as shown below: 


H CH.OH H 
HOCH,.—C CH.OH HO—C—H = H,0,POCH.—C CH,OH 
OH CH.OPO;H, OH 


t-Glycerophosphoric acid 


An interesting extension of the concept of the meso-carbon atom arises from 2 
consideration of the reaction of oxaloacetate and acetate to yield citrate. In this 
reaction, acetate gives only the “left’’ -CH2CO.H group of citric acid. Obviously 
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this could not be the case unless oxaloacetate itself possessed asymmetric elements. 
If one examines the oxaloacetate molecule, it can be seen that the molecule pos- 
sesses a plane of symmetry separating nonsuperimposable halves and that the car- 
bonyl carbon atom conforms to the definition of a meso-carbon atom in which the 
two bonds of the -C— group correspond to the two like (a) groups: 


O 
HO,C—C—CH,CO.H 
O 


Thus the two bonds of the carbonyl group are asymmetrically related to the re- 
mainder of the molecule, and their reaction with an asymmetrie substance should 
proceed stereospecifically to yield unequal amounts of the stereoisomeric products: 
R* OH 
R*H 
b—C—d ——— b——C——d + b——C——d 


0 OH R* 
(Unequal amounts) 


band d = Symmetrical groups (i.e., contain at least one plane of symmetry). 
R* = Asymmetric group (bp or L form). 


The behavior of ketones can be generalized to include also compounds of the 
type b-c-d, where Y = O, 8S, NR, CR. In such compounds, reactions involving 


X 

the double bond and an asymmetric substance would be expected to give unequal 
amounts of stereoisomeric products, since the two bonds of the double bond are 
not stereochemically equivalent. Most of the known asymmetric transformations 
of meso-carbon atoms are of this type. The enzymatic reduction of pyruvic acid 
and of other ketones to optically active alcohols is well known. In the nonenzy- 
matic field, examples include the partially asymmetric reduction of ketones by 
asymmetric Grignard reagents” and by alumimum-2-butoxide in (+)-2-butanol"® 
(Meerwein-Ponndorf-Verley reduction), the reaction of benzaldehyde with hydro- 
gen cyanide in the presence of quinine,'® and the Reformatsky reaction of a ketone 
with /-menthyl bromoacetate.”’ It is interesting to note that many of the so-called 
‘asymmetric syntheses’’ involve the reaction of a meso-carbon atom with an asym- 
metric reagent, yet, as far as the authors are aware, it has not been pointed out that 
the stereochemical nonequivalence of the two (a) groups is the fundamental factor 
responsible for the asymmetric course of the reaction. Much of the extensive liter- 
ature on asymmetric synthesis could have been more simply presented from this 
viewpoint. 

In conclusion, it should be pointed out that the reactions of meso-carbon atoms 
with asymmetric reagents can be classified into two groups. In one, the meso- 
carbon atom is converted into an asymmetric carbon atom; in the other, to a differ- 
ent meso-carbon atom. A brief discussion of these two types is presented below. 

A. Conversion of a Meso-Carbon Atom to an Asymmetric Carbon Atom.—lIf an 
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(a) group of a meso-carbon atom [C(aabd)] is converted into a group other than 
(b) or (d), the carbon atom becomes asymmetric. If the asymmetric reagent is 
incorporated into the final product, diastereoisomers will result; if not, enantio- 
morphs will be produced. In each instance, however, the two possible products 
will form in unequal amounts, and in the case of enzymatic reactions the inequality 
may be so marked that only one isomer can be detected. These reactions are illus- 
trated in equations (1)—(4), below. 


b b b 
R*H ; 
a G a— a Ce e+e C a, (1) 
d d d 
H OH 
R*H 
b G. d —— b Ge d+hb ‘6 d, (2) 
QO OH H 
Knantiomorphs (unequal amounts) 
b b b 
R*H 
a C a—— a C K* + Ih* —C——a, (3) 
d d d 
OH R* 
R*H 
b G d —— b——_C— -d+hb —C d. (4) 
O R* OH 


Diastereoisomers (unequal amounts) 


Several reactions of the type shown in equations (2) and (4) have been presented 
previously. Examples of reactions of the C(aabd) type (eqs. [1] and [3]) are very 
rare. The best known is the decarboxylation of the brucine salt of methyl ethyl 
malonic acid to yield partially optically active methyl ethy! acetic acid :*! 


CO.-BtH 





CH,C——-CH.CH, CH:CH:CH—CO.H 


CO.H CH; 
B = Brucine 


Formally, this reaction corresponds to the type shown in equation (1). However, 
the uncertainty as to the mechanism by which the optically active acid is pro- 
duced??: 28 makes it difficult to evaluate this reaction. The conversion of 4-methy! 
cyclohexanone to an optically active 2-oximino derivative by d-2-octyl nitrite is 
likewise subject to question on the basis of the yield obtained and uncertainty as to 
reaction mechanism. 

The only clean-cut example of reaction (4) of which the authors are aware is that 
reported in this paper. 

B. Conversion of a Meso-Carbon Atom to a Different Meso-Carbon Atom. 
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b b b 
R*H 
a CO - sar b + b- C——a, (5) 
d d d 
b OH 
R*H 
bh C d — b—C— d+b C d. (6) 
bH 
O OH b 


Demonstration of the stereochemical specificity of the (a) groups in a reaction 
of this type is difficult, since the two reaction products are, of course, identical. 
Therefore, it is possible to show the different behavior of the (a) groups only by 
introducing an isotopic label into either the original or the newly formed (b) group. 
In this case the label will be unequally distributed between the two (b) groups, and 
this inequality may be detected by an appropriate asymmetric reagent. The 
synthesis of citric acid from oxaloacetic acid is an outstanding example of this type 
of reaction: 


HO.C CH; ok O = = CH,-C!( oH Enzyme 


CO.H 
OH 


HO.C—CH.—C-—CH,-C“'O.H 
CO.H 


Further examples of this type, however, are not likely to be numerous in view of 
the obvious experimental difficulties involved. 


* Part of the material in this paper was taken from the thesis submitted by Pearl Schwartz 
to the Graduate College of the University of Illinois, in partiai fulfilment of the requirements for 
the degree of Doctor of Philosophy in Chemistry. 
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A NOTE ON RECENT DEVELOPMENTS IN AUDITORY THEORY 
By Ernest GLEN WEVER, MERLE LAWRENCE, AND GEORG VON B&KESY 
PRINCETON UNIVERSITY, UNIVERSITY OF MICHIGAN, AND HARVARD UNIVERSITY 
Communicated April 8, 1954 
First in 1928, and again in further detail in a series of papers beginning in 1941, 
Békésy! reported the results of direct observations on the form of response in the 
cochlea. In fresh: human temporal bones in which suitable exposures had been 
made, he examined the motions of the basilar membrane and related structures 
under the microscope with stroboscopic illumination. These motions were found 
to take the form indicated in Figure 1. 








Displacement 


Primary zone Secondary zone 











Distance along the cochlea 


Fic. 1.—The pattern of displacement of the basilar membrane for a tone of 
middle frequency. Curve a represents the pattern as seen at one moment, and 
curve b the pattern a moment later. From Békésy (see note 1). 


The pattern illustrated is that produced by a tone of intermediate frequency. A 
large portion of the membrane, extending from the basal end to well beyond the 
middle of the cochlea, is set in vigorous vibration, and then, in the more apical re- 
gions, the amplitude of the displacement changes rapidly and finally falls to zero. 
The phase of the motion of different parts of the membrane varies only moderately 
over the main portion of the excited region, which may be called the “primary 
zone,” and then varies greatly beyond the maximum, where the amplitude grows 
small. The patterns for higher tones are similar, except that they are displaced 
toward the basal end of the cochlea and hence involve smaller amounts of the basilar 
membrane in vigorous motion. 
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A different approach to. the problem of the pattern of cochlear action was made 
more recently by Wever and Lawrence? by the use of electrical potentials. The 
experiments were carried out on anesthetized cats, and their ears were stimulated 
in two ways, by a tone introduced into the external auditory meatus in the usual 
manner and by a tone introduced through a small hole drilled through the bony 
wall at the apical end of the cochlea. Both these forms of stimulation are effective 
in eliciting cochlear potentials, and, when the same tone js presented simultaneously 
by both pathways, the resulting potentials represent a summation of the two 
separate stimulations. More exactly, this is a vectorial summation in which both 
the amplitude and the phase of the two stimulations are taken into account. 

It is of theoretical interest to ascertain the particular site of this summation. <A 
series of tests showed that this summation occurs in the region of the sensory cells 
that are responding to the stimulation, and probably in the very actions of these 
cells. ‘The most important of these tests was the following: With simultaneous 
stimulation at the two ends of the cochlea, the amount of cochlear response was 
observed for some given position of the recording electrode, and then this electrode 
was moved to different positions along the surface of the cochlear capsule. It was 
found that for all the low tones the readings were unchanged and that for the high 
tones they were altered by small amounts. 

This test excludes a simple interaction of the two stimuli in the fluid pathways 
independently of the sensory cells, for such an interaction of two waves proceeding 
in opposite directions would produce a complex pattern of loops and nodes. An 
exploration along the cochlea with the electrode would then reveal regions of in- 
tense activity alternating with regions of little or no activity; but nothing of this 
sort was found. This test excludes also the possibility of a primary interaction in 
the electrical pathways of conduction from sensory cells to recording electrode, for 
such an interaction would be subject to wide variations as the electrode is moved to 
different positions. 

The most precise manner of carrying out the above test was to adjust the two 
stimuli in intensity and phase so as to produce a cancellation of response as ob- 
served with the electrode at the basal end of the cochlea and then to move the elec- 
trode to the apical end of the cochlea. It was then found that for the low tones, up 
to 1000 cycles, no readjustments of the stimuli were necessary to maintain the null. 
For the high tones the balance between the two stimuli was slightly disturbed, 
and small adjustments of intensity and phase had to be made to restore the null. 
The intensity adjustments were of the order of 1 db, and the phase adjustments 
increased regularly with frequency until they reached 35° at 10,000 cycles, as shown 
in Figure 2. 

These results were interpreted by Wever and Lawrence in the following way. 
The stimulus delivered to the basal end of the cochlea progresses along the cochlear 
spiral through the fluid pathway, reaching the basal ceils earlier and the more apical 
cells later, because of the time required for transmission through the fluid. Also, 
there is a slight attenuation as the stimulus passes up the cochlea. Similarly, the 
stimulus delivered to the apical end of the cochlea, though it reaches the very same 
cells, is a little earlier and stronger for the apical cells, Now other experiments 
have shown that two electrodes at different positions along the cochlea are subject 
{0 a resistive bias because the potentials produced by cells at different locations 
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must travel different distances to reach them. A round-window electrode records 
best from the more basal cells and gives only a partial indication of the actions of 
more remote cells. An apical electrode has a contrary bias. When, with an 
electrode on the round window, the cochlea is stimulated at the two ends and ad- 
justment is made for a null, this adjustment consists of a balancing of action in the 
more basal cells against a more vigorous action in the apical cells. Then, when the 
recording is from the apical electrode, it may be necessary to readjust the stimulus 
relations to compensate for differences of delay and attenuation in the cells favored 
by this recording position. What Figure 2 shows are phase differences existing in 
the operation of basal and apical stimuli as these differences are seen from the two 
electrode positions. The fact that for the low tones no consistent differences are 
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Fic. 2.—Phase changes required to restore a null after the recording electrode was 
moved from the round window to the apex of the cochlea. From Wever and 
Lawrence (see note 2). 


found signifies that for these tones the two electrodes represent patterns that are 
essentially alike. It appears that these tones spread broadly over the cochlea and 
produce an action that is much the same as seen from either end. The high tones, 
on the contrary, show differences between the two recording positions, and these 
differences increase systematically with frequency. ‘Evidently these tones produce 
a response that is asymmetrical in form. More specifically, they mainly involve the 
basal end of the cochlea, and increasingly so as the frequency is raised. 

We regard the results and interpretations just described and the visual observa- 
tions of basilar-membrane patterns made by Békésy as in full agreement. As 
already mentioned, Békésy observed for the low tones a broad area of activity over 
the cochlea and for the high tones a more restricted activity that is increasingly 
accentuated at the basal end as the frequency rises. 
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Furthermore, the results are in agreement in indicating a broad region of action 
of the basilar membrane over which the vibration is practically in phase. It ap- 
pears that the potentials that are recorded from the cochlea are principally due to 
the action of cells in this primary zone. The secondary zone—that in which am- 
plitude and phase are changing rapidly—seems to contribute little to these po- 
tentials, for if it did so there would be large variations of amplitude and phase as 
the electrode is moved along the cochlea. 

These considerations are consistent with the evidence of a recent experiment by 
Békésy* showing that the cochlear potentials are directly proportional to the am- 
plitude of displacement of the basilar membrane. In this experiment he produced 
a trapezoidal form of displacement of the basilar membrane and found that the 
cochlear potential wave also was trapezoidal. If the potentials had been propor- 
tional to the velocity or to higher time derivatives of the motion, they would have 
taken the form of square waves or pulses. 

The results of the Wever and Lawrence experiment lead to the conclusion that the 
pattern of cochlear action is independent of the place of application of the stimulus. 
This conclusion had already been reached by Békésy‘ on the basis of observations on 
mechanical models of the cochlea. In a model whose membrane was designed to 
reproduce the form and elasticity of the human basilar membrane, it was found 
that the vibratory pattern was unaffected by moving the artificial stapes from the 
basal end to a position above the middle of the membrane. Békésy pointed out 
also that in the guinea pig the successive coils of the cochlea are separated by only 
a thin sheet of bone, and thus there is a good possibility of vibratory transmission 
from one coil to another directly through this sheet as well as by the longer spiral 
path through the fluid. A similar condition sometimes is found in the human ear, 
and yet it seems to have no relation to the hearing. The implication of all these 
results is that the cochlear pattern is almost wholly determined by the mechanical 
characteristics of the basilar membrane and its adherent structures. 

Wever and Lawrence regarded their experiments, and other evidence as well, as 
out of harmony with a traveling-wave theory of cochlear action. By a “traveling 
wave” is meant here a wave of transmission of vibratory energy along the basilar 
membrane. For the original conception of such a wave in the cochlea and its 
theoretical applications to the problems of hearing we must go back to Hurst in 
1894 and Bonnier in 1895. This type of theory has continued in consideration, 
with a new development of interest as a result of Békésy’s observations of cochlear 
action. 

In Békésy’s experiments an illumination of the basilar membrane by one strobo- 
scopic flash gave the pattern shown by curve a of Figure 1. A second flash then 
gave the pattern shown by curve 6, and further flashes showed the displacement 
pattern as located still farther to the right. Under these conditions, when the 
stimulus is a simple tone and the stroboscopic frequency is appropriately chosen, 
the displacement wave seems to be moving up the cochlea. Actually, of course, 
what is happening is that each element of the membrane is executing sinusoidal 
Vibrations but the different elements are executing these vibrations in different 
phases. This action can be referred to as that of a traveling wave, provided that 
we mean simply to indicate that the amplitudes along the membrane are changing 
from moment to moment in the manner described, and nothing is implied about the 
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underlying causes. It is in this sense that Békésy used the term “traveling wave” 
in reference to his observations. 

It should be made clear that Wever and Lawrence, in their rejection of the travel- 
ing-wave theory, were not implying that there was anything at fault in Békésy’s 
observations of the cochlear action. Indeed, as already pointed out, their ex- 
perimental results are fully in accord with these observations. Their position was 
that the observed traveling wave is to be taken simply as a temporal pattern of 
motion. 

In this connection, the crucial problem with which Wever and Lawrence were 
concerned is how any given segment of the basilar membrane gets the energy that 
makes it vibrate. There are two possibilities: this energy may come from neigh- 
boring parts of the membrane, or it may come from the cochlear fluid. A little 
consideration will show that both these possibilities must be accepted as valid in 
some degree, and the issue becomes one of their relative importance. Some persons 
have taken the position that energy flow along the cochlea is mainly or almost 
exclusively through the basilar membrane. The usual form of this ‘membrane 
hypothesis” is that the stapes in its motion brings about a transfer of energy 
through the fluid in its immediate vicinity to the basal end of the basilar membrane, 
and thereafter the energy flow is apicalward along the membrane. The alternative 
or “fluid hypothesis” is that stapedial energy is transmitted through the fluid 
directly to all parts of the membrane and that relatively little energy passes along 
the membrane itself. 

Evidence on this problem comes largely from clinical studies on the temporal 
bones of persons whose hearing had been tested before their death. As observed 
by Mayer® and also by Crowe, Guild, and Polvogt,® the basal end of the basilar 
membrane is sometimes greatly thickened or even heavily calcified for distances of 2 
mm. or more, yet. this condition has no effect upon threshold sensitivity for tones 
at least up to 8192 cycles. Also, Guild’ found in the lower apical region of an ear 
of the Johns Hopkins collection an anomalous connection between the basilar mem- 
brane and the adjacent bony walls, and yet the sensitivity for low tones was within 
normal limits. On the “membrane hypothesis” these abnormalities should have 
caused a widespread reduction of membrane movement, at least in the regions 
apicalward of the affected spot, and thus a notable impairment of hearing. Largely 
on the basis of this evidence, Wever and Lawrence rejected the “membrane hy- 
pothesis” and argued that vibratory energy passes freely through the cochlear fluid 
to all regions of the basilar membrane. 

Békésy did not consider that his visual observations gave any decisive evidence on 
the paths of energy flow in the cochlea, and therefore he has not taken any position 
on this issue. 

1G. von Békésy, Phys. Zs., 29, 793-810, 1928; Akust. Zs., 6, 265-278, 1941; see also J. Acoust. 
Soc. Amer., 23, 29-35, 1951; ibid., 21, 233-245, 1949. 

2K. G. Wever and M. Lawrence, these PROCEEDINGS, 38, 133-138, 1952; Ann. Otol. Rhinol. 
Laryngol. (St. Louis), 61, 824-834, 1952; Physiological Acoustics, New York, N.Y., (1954). 
3G. von Békésy, J. Acoust. Soc. Amer., 23, 29-35, 1951. 
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SOLUBILITY OF PROTYROSINASE AND TYROSINASL* 
By JosepH Hau BoDINE AND LOREN D. CARLSON T 
ZOOLOGICAL LABORATORY, STATE UNIVERSITY OF LOWA 
Communicated March 29, 1954 


In previous communications from this laboratory, attention has centered chiefly 
upon the isolation, preparation, and activation of the enzyme protyrosinase, ob- 
tained from the egg of the grasshopper, Melanoplus differentialis.'~* The results 
of the present study deal with differences in solubility of the inactive (protyrosinase) 
and active (tyrosinase) enzymes in (NH,4)2SO, solutions. 

Tyrosinase was prepared from protyrosinase in three ways, as previously de- 
scribed: treatment with sodium dodecyl sulfate (SDS), with subsequent dialysis, 
dialysis against distilled water, and heat (65°, 10 minutes).' Active enzyme, 
however prepared, is insoluble in 0.9 per cent NaCl. 

Analyses of enzyme activity were carried out with a Warburg apparatus by meas- 
uring the velocity of oxidation of tyramine hydrochloride as substrate. One 1.7- 
ml. portion from a tube was mixed in a manometer flask with 1.0 ml. of 0.9 per cent 
sodium chloride. Another similar portion was mixed in another flask with 0.7 ml. 
of the sodium chloride solution and 0.3 ml. of 5.1 & 10~* WV sodium dodecy] sulfate. 
(This amount of sodium dodecyl! sulfate was enough to change all protyrosinase 
into tyrosinase.) Three-tenths of a milliliter of 0.4 per cent tyramine hydrochlo- 
ride was placed in the side bulb of each flask. After equilibration in a water bath 
at 25° C., the contents of the flasks were mixed. The reciprocal of the time for 
the uptake of the initial 100 ml. of oxygen was found and used to calculate the rate 
of O. uptake per milliliter of preparation. 

Inasmuch as results for differently activated samples are strikingly similar, only 
typical experiments with heat-activated and SDS-activated enzymes will be de- 
scribed. Results of such experiments are graphically summarized in Figures | and 
2. An inspection of these figures shows a distinct difference in the solubility of 
protyrosinase and tyrosinase in (NH,4).SO,. In the case of the heat-activated ex- 
periments (Fig. 1) one notes that approximately one-half of the protyrosinase was 
converted to tyrosinase and that the remaining protyrosinase not activated by the 
heat treatment was precipitated at 20 per cent saturation with (NH,4).SOx, as was the 
control solution of protyrosinase. Tyrosinase thus prepared by heat treatment 
Was precipitated by 5 per cent saturation with (NH4).SO,, while the remaining in- 
active protyrosinase, like the control, was precipitated by 20 per cent saturation. 

The sodium dodecyl] sulfate-treated proenzyme (Fig. 2) was precipitated by 15- 
20 per cent saturation with (NH,4)sSOy. The increased solubility of this active 
enzyme in (NH,4).SO, over that prepared by other methods may be due to the pres- 
ence of a trace of sodium dodecyl! sulfate. When this enzyme was precipitated 
from the original solution, however, it, too, was not soluble in 0.9 per cent NaCl. 
The difference in solubility in (NH,4).8O, of the proenzyme (controls) in the case of 
heat and SDS activation may be due to a time factor, but this could not be demon- 
strated experimentally. Samples which were treated with SDS were prepared 
from eggs in physiological states different from that of those treated with heat. The 
former were in the prediapause or mitotically active state, while the latter were in 
diapause or a mitotically inactive state. The exact causes of these differences in 
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reaction of the two enzyme preparations may well be conditioned by the above 
factors, as well as by many others which may enter into the problem. The basic 
point, however, to be noted here in these experiments is the marked differences in 
solubility in (NH,4)2SO,4 of the inactive and active forms of the enzyme, however 
prepared. 

Enzyme prepared by dialysis of proenzyme against distilled water behaves 
similarly to that activated by sodium dodecyl! sulfate and heat, in being insoluble 
in 0.9 per cent NaCl. Tyrosinase thus prepared reacts to (NH4)25O, similarly to 
that formed by the sodium dodecy] sulfate. 





FIG. | FIG.2 
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Fic. 1.—Shows solubility of heat activated and inactive enzymes in (NH,).SO,. Enzyme 
preparation from diapause eggs. Ordinate, rate of oxygen uptake per cubic centimeter of prepara- 
tion. Abscissa, per cent saturation with (NH4)oSO,4 at 0° C. Solid lines, for non—heat-treated 
(pyrotyrosinase) enzyme. Broken line, for heat-treated (tyrosinase) enzyme. Open circles, no 
activator (SDS) added. Closed circles, activator (SDS) added. For further description see text. 

Fig. 2.—Same as Fig. 1, except that sodium dodecyl] sulfate is used as activator in place of heat 
Open circles, no activator (SDS) added to reaction mixture. Closed circles, 0.1 cc. 5 X 107° M 
SDS added to reaction mixture. Enzyme preparation from prediapause eggs. 


One preliminary experiment on the solubility of tyrosinase prepared by “OH’- 
activation? demonstrated that here, also, the enzyme was precipitated by 13% 
saturation of (NH4)2SO,, while the controls (protyrosinase) were precipitated at 
higher saturation values. Recovery of enzymes in all experiments was practically 
complete. 

The differences in solubility of the proenzyme and enzyme might well be corre- 
lated with a change in the ratio of exposed hydrophilic to hydrophobic groups. Bull’ 
groups the amino acids in the following manner: 
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Glycine 

Alanine 

Valine Hydrophobic 
Leucine 

Cystine 

Hydroxyproline 

Glutamic 

Aspartic Hydrophilic 
Arginine 

Lysine 


No increase in reactive sulfhydryls upon activation could be shown.* The 
presence of the other amino acids is not easily tested with the protein intact. Argi- 
nine and lysine are the principal amino acids supplying reactive amino groups. A 
decrease in reactivity of these might be evidenced by the reaction of HCHO with 
protyrosinase and not with tyrosinase. This is not borne out, however, by the 
reaction with nitrous acid, where both protyrosinase and tyrosinase are affected 
(unpublished results). 

Summary.— Differences in solubility of protyrosinase and tyrosinase in (NH4).SOs 
exist. Protyrosinase is soluble in 0.9 per cent NaCl. Tyrosinase, however pro- 
duced, is insoluble in 0.9 per cent NaCl and is differentially soluble in (NH4)28O, 


* Aided by a grant from the National Institutes of Health. 

t Now in the department of physiology, University of Washington, Seattle. 

1 J, H. Bodine and T. H. Allen, J. Cell. Comp. Physiol., 11, 409, 1938; cbid., 12, 71, 1938; M. O. 
Ray and J. H. Bodine, J. Cell Comp. Physiol., 14, 48, 1939; J. H. Bodine, O. M. Ray, T. H. Allen, 
and L. D. Carlson, J. Cell. Comp. Physiol., 14, 173, 1939; J. H. Bodine and L. D. Carlson, J/. 
Cell. Comp. Physiol., 16, 71, 1940; T. H. Allen and J. H. Bodine, these PRocEEDINGs, 27, 269, 
1941. 

*'T. H. Allen, A. B. Otis, and J. H. Bodine, J. Gen. Physiol., 26, 151, 1942. 

3 J. H. Bodine and T. N. Tahmisian, Biol. Bull., 85, 157, 1943; J. H. Bodine, T. N. Tahmisian, 
and D. L. Hill, Arch. Biochem., 4, 403, 1944. 

' J. H. Bodine and L. D. Carlson, Proc. Soc. Exper. Biol. Med., 83, 717, 1953. 

5H. B. Bull, Adv. Enzymol., 1, 1, 1941. 


OVARIAN HORMONES AND THE IONIC BALANCE OF 
UTERINE MUSCLE 
By Bent Horvatu 
CARNEGIE INSTITUTION OF WASHINGTON, DEPARTMENT OF EMBRYOLOGY, BALTIMORE, MARYLAND* 
Communicated by George W. Corner, April 5, 1954 


Csapo and Corner! studied the tension developed by rabbit uterine strips in vitro 
as a function of the frequency of stimulation. They observed that the tension 
increased with increasing frequency of stimulation (positive staircase) if the uterus 
was taken from an estrous animal or from a castrate treated with estrogen. The 
uteri of early pregnant animals and those of castrates treated with progesterone 
following estrogen exhibited what they termed “negative staircase;” that is, the 
tension decreased with increasing frequency of stimulation. Csapo? proposed the 
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following hypothesis to explain the difference between estrogen- and progesterone- 
dominated muscles. The staircase of the estrogen-dominated uterus is similar to 
that of the frog heart, described by Bowditch and studied by Hajdu and Szent- 
Gyorgyi,* and the same mechanism as that proposed by the latter authors may be 
assumed to account for it. Like the frog heart, the estrogen muscle is thought of as 
having more intracellular K when at rest than is optimal for developing tension. 
On stimulation, K is lost and the tension increases. As an explanation of the nega- 
tive staircase of the progesterone-dominated uterine muscle, Csapo? assumed that 
its intracellular K concentration is less than optimal at rest and will be even lower 
when K is:lost on stimulation... Since changes in the intracellular IK concentration 
are generally accompanied by similar, but opposite, changes in Na concentration, 
this theory implies a higher intracellular KK: Na ratio under estrogen than under 
progesterone domination. Aside from adducing proof of this hypothesis, the de- 
termination of Na and K in the uterine muscle seemed to be of interest because of 
the scarcity of such data in the literature (Reynolds; also Rossenbeek; Wilkins; 
Talbot, Lowry, and Astwood).! The existing data refer more often to the whole 
uterus rather than to uterine muscle under specified hormonal conditions. 

New Zealand White rabbits were used in all experiments.’ The animals were 
either castrated mature females or infantile females not castrated. They were 
divided into three groups, labeled “estrogen,” ‘‘estrogen withdrawal,” and “pro- 
gesterone.”’ All three groups received daily injections of 25 ygm. natural estrogens 
in oil (Squibb) or 25 ugm. estradiol benzoate (Ciba) in 0.2-ml. volume intramuscu- 
larly. This treatment was continued for 7-8 days in the case of the castrated ma- 
ture animals and for 12-15 days in the case of the infantile females. The estro- 
gen animals were killed at the end of this treatment period. The estrogen-with- 
drawal group was killed 3-4 days after the last estrogen injection, during which time 
the animals were left untreated. The progesterone group received 1 mg. proges- 
terone in oil (Squibb or Ciba) daily in 0.2-ml. volume for 3-4 days after the estrogen 
treatment was completed. 

Uteri or uterine muscle samples will be referred to as “estrogen,” ‘‘estroget- 
withdrawal,” or “progesterone” uteri or uterine muscle samples, according to the 
group of treated animals they came from. 

The animals were anesthetized intravenously with Nembutal, and the uterus was 
removed, opened along the mesometrial attachment, wiped gently to remove blood 
and mucus, and divided into 0.1-0.4-gm. samples. Two to three of these samples 
served for the determination of dry weight and Na and K concentration. Another 
two to four were used for the determination of the inulin space. Results obtained 
on this material are tabulated under the heading ‘(Whole Uterus,” as contrasted 
with another set of data tabulated under the heading “Isolated Myometrium.” 
This latter material, the uterine muscle proper, was obtained by removing the endo 
metrium with a pair of fine scissors and forceps. This operation was carried out al 
room temperature within 3 minutes or less. The main part of the uterus was kept 
in a moist chamber while working on a sample. The endometrium was discarded, 
and the muscle divided again into 0.1-0.7-gm. samples. One larger sample served 
for the determination of Na and Cl space, two to four smaller samples for the de 
termination of dry weight and Na and K content. Samples for the determination 
of inulin space were saturated with inulin before removing the endometrium. 
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For the determination of dry weight the samples were placed in a glass container 
with a ground-glass stopper. After noting the initial wet weight, drying was 
carried out in an electric oven at 105-115° C., the dry weight noted and expressed 
as the percentage of the wet weight. The same muscle samples were used for Na 
and K determinations. 

The dried residues were extracted either with hot HNO, for about 30 minutes or 
with water or with a 30-mM _ LiNQ; solution for 3-8 days in the refrigerator under 
occasional agitation. After appropriate dilution these extracts were read against a 
set of standards in either the Beckman flame attachment or in a Jenkee flame photom- 
eter using the Li internal standard. The standard stock solution had the follow- 
ing composition: 10 mM NaCl, 10 mM KH,Oy, | mM MgCh, 0.2 mM CaCle. 
The working standards were made by diluting this stock so as to obtain the follow- 
ing series: 0.1, 0.3, 0.5, 0.8, 1.0 mM K and Na. The use of standards containing 
both Na and K served to minimize error due to interference. Standards were read 
both before and after reading the unknowns, and the average of the two readings 
was plotted against the concentration. Also, the unknowns were read twice, from 
first to last and backward, and the average of the two readings was read off the 
standard curve prepared as described. This procedure was suggested by Gilbert 
Ling (oral communication) to minimize error due to the drift of the instrument. 
Results were tabulated as millimoles Na or K per kilogram wet weight. 

Determination of the extracellular water (ECW) was carried out by three meth- 
ods which were modifications of the technique described by Boyle et al.6 For in- 
ulin-space determinations samples were soaked in inulin—Krebs solution. This 
solution contained Na-lactate instead of glucose, and correspondingly less NaCl. 
Reerystallized inulin was dissolved in the NaCl to yield a final concentration of 
0.2 per cent after adding the other components of the Krebs solution. The solution 
was oxygenated with a mixture of 95 per cent O» plus 5 per cent CO», at room tem- 
perature. At the end of the soaking period the endometrium was removed. One 
sample of the muscle served for dry-weight determination to make correction for 
the eventual change in water content possible. Other samples were soaked in in- 
ulin-free Krebs, again containing Na-lactate instead of glucose, and correspondingly 
less NaCl. This solution was of a measured volume, and the gas mixture used to 
oxygenate it was previously saturated with water vapor to minimize evaporation. 
In preliminary experiments it was learned that 10-13 hours were necessary to ob- 
tain in the inulin-free solution all the inulin that was taken up by the muscle during 
the initial soaking. Therefore, both soaking periods were chosen to be 13 hours or 
longer. The inulin was determined by the method of Higashi and Peters’ using the 
Coleman Junior or the Klett-Summerson colorimeter. 

Determination of the Na and Cl space was carried out by estimating the amount 
of Na or Cl given off by a known weight of endometrium-free muscle to a given 
volume of 4 per cent glucose containing 30 mM LiNO . This solution was found 
to be isotonic with the uterine muscle in preliminary experiments using the per- 
centage dry weight as a measure of movement of water through the cell boundaries. 
By taking samples of the bath at definite intervals and plotting the Na and Cl 


given off by the muscle against time, the amount of Na or Cl present at zero time 
may be estimated by extrapolating the second slope to zero. The volume of the 
extracellular water is then found by dividing this figure by the Na or Cl concentra- 
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tion of the serum to which the Donnan correction has been applied (Boyle cé al.), 
Na was estimated by the flame photometer (hence the necessity of the 30 mM 
LiNOs in the glucose). Chlorine was measured by the Vollhard titration. After 
the appropriate corrections, all three methods yielded the same extracellular water 
for the myometrium of a given uterus (Table 1). 


TABLE 1 
IeXTRACELLULAR SPACE OF Raspsir UTERINE MuscLE 
COMPARISON OF METHODS 
- Metrnop (PER Cent ECW) ‘ 
TREATMENT Rassit No. Inulin Na Cl Average 
5 oS 36.5 
+) ; y sles 


36 


ww bo 


Istrogen 


SS lll ed 


Mstrogen withdrawal 


Progesterone 


30. 


TABLE 2 
Na AND K CONCENTRATIONS (MM 
Wuo.e Urervus 
Per Cent 
K ECW 
Estrogen :* 
¥ : 67. 
n : 25 
s, 6. 
CVs, 5.2 9.2 
Progesterone: 
Fs 
n 


CVs; 8.8 ( da i .4 6 
Estrogen withdrawal: 

& ; 60. 70.8 

n a 6 7 

Sx : ses 7.96 3.38 
CV, - 13.2 8 


t = Arithmetic mean Na, K, and ECW, respectively, of samples from one and the same animal; n Number 


, ; 2 : bit aie wie des . ne = 6 Vea 
of animals; zx = Arithmetic mean, Yx/n; sr = Standard deviation, .Y Ar X)*. CV, = Coefficient of variation, 
n 


100ex 


x 


Calculation of the intracellular concentrations was carried out in the usual way, 
as follows: Total water per kilogram = 10 X (100 — per cent dry weight); ECW 
per kilogram = 10 X per cent ECW; ICW (intracellular water) per kilogram = 
Total water per kilogram — ECW per kilogram; amount of Na in the ECW = 
[((ECW per kilogram) X (concentration Na per liter ECW) ]/1000; amount of Na 
in the ICW = Na per kilogram wet weight — amount of Na in the ECW; con- 
centration of Na per liter ICW = amount of Na in the ICW per volume of the 
ICW. Concentration of IX per liter ICW = mM K per kilogram wet weight over 
volume of ICW. 

Experimental values of dry weight, ECW, Na, and KX obtained on samples 
from the same animal were averaged to yield representative figures for that animal. 
These figures were in turn averaged for animals belonging to each of the three 
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groups: estrogen, estrogen withdrawal, and progesterone. ‘These group averages 
(-) are listed in Table 2, together with the number of animals they were obtained 
from (n). The table also contains the corresponding standard deviations (s,) and 
coeficients of variation (CV,). Dry-weight values are not tabulated, so as not to 
make Table 2 too crowded and also because the variation of this parameter is the 
smallest and has the least influence on the calculated intracellular concentrations. 
Actually, the dry-weight group averages (dry weight expressed as percentage of 
the wet weight) are 15.8 and 17.6 for estrogen and progesterone uteri, respectively. 
For the isolated myometrium the dry-weight group averages are 16.1, 17.0, and 
15.7 for estrogen, estrogen-withdrawal, and progesterone animals, respectively. 
Statistical analysis of Table 2 reveals the following: As far as the whole uterus 
goes, and difference between the ECW, Na, and K of the estrogen and progesterone 
uteri is significant within 97.5 per cent confidence limits by the method of ¢. By 
the same method, it is found that the ECW of the estrogen-withdrawal and pro- 
gesterone myometrium is not: significantly different, but both are lower than the 
HCW of the estrogen uterine muscle. This difference is significant within 99 per 
cent confidence limits. The difference in Na between estrogen and progesterone 
myometrium is not significant, but the Na concentration of the estrogen-with- 
drawal muscle is significantly lower within the 99 per cent confidence limits. The 
potassium concentration of the estrogen-withdrawal muscle is significantly dif- 


TABLE 3 


INTRACELLULAR LON CONCENTRATIONS 


-MM/Lirer ICW Ratio 
K K + Na [K/Na] ICW 


Group Na 
[strogen 30 158 188 bE. 
Estrogen withdrawal 32 126 158 3.9 
Progesterone 15 132 177 2.9 


ferent from that of the progesterone myometrium but is lower than the K concen- 
tration of the estrogen myometrium. The difference in the K concentration be- 
tween estrogen and progesterone myometrium is without statistical significance. 

The figures of Table 2 tabulated under ‘‘myometrium”’ may now be used for the 
calculation of intracellular ion concentrations. The results of these calculations 
are found in Table 3. It may be seen from Table 3 that the intracellular Na con- 
centration is 30 mM for the estrogen and estrogen-withdrawal myometrium and is 
45 mM for the progesterone myometrium. The K concentrations are 158, 126, 
and 132 mM for the estrogen, estrogen-withdrawal, and progesterone muscle, 
respectively. From what was said in the previous paragraph about the significance 
of differences, it follows that the intracellular K concentrations of the estrogen- 
withdrawal and progesterone muscles must be regarded as respectively equal to and 
lower than the intracellular K concentration of the estrogen muscle. By the same 
reasoning, the intracellular Na concentration of the progesterone muscle is indeed 
higher than the intracellular Na concentration of the est rogen muscle, whereas the 
small difference between the estrogen and the estrogen-withdrawal muscle is prob- 
ably insignificant. 

It may be concluded, then, that progesterone muscles have a higher intracellular 
Na concentration and a lower intracellular K concentration than estrogen muscle. 
The decrease in the intracellular K concentration may conceivably be due to the 
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withdrawal of estrogen. The same cause does not account for the high intra- 
cellular Na concentration of the progesterone muscle. 

The intracellular K:Na ratios are also shown in Table 3. This ratio is ap- 
pre-iably higher (5.3) for the estrogen than for the progesterone muscles (2.9). 

The findings on the intracellular Na and K concentrations of the uterine muszle 
are in agreement with the hypothesis of Csapo, proposed as an explanation of the 
positive and negative staircase phenomena. 

It is interesting to note that exactly the opposite conclusion would have been 
reached had the ECW, Na, and K data obtained on the whole uterus been used for 
calculation of the intracellular ion concentrations. Actually, comparison of the 
whole uterus with the isolated myometrium permits rough calculations for the 
endometrium. 

Comparing the whole uterus with the isolated myometrium by the method of ¢, 
we got the following information: The Na concentration of the estrogen endo- 
metrium is the same as that of the myometrium within the errors of random sam- 
pling. Roth the ECW and K of the endometrium are significantly less than those of 
the myometrium. By the same reasoning, the ECW of the progresterone endo- 
metrium is larger, its Na concentration is smaller than the corresponding param- 
eters of the myometrium, and the K concentration is the same in both endo- 
metrium and myometrium. 

If the proportionate weight of the endometrium were known, one could calculate 
exactly the ECW, Na, and K values for the endometrium from the data in Table 2. 
Since the proportionate weight of the endometrium is not known, different values 
were assumed for it. Calculating intracellular concentration directly from the 
“Whole Uterus” data of Table 2 amounts to assuming the limiting value of | for 
the weight fra:t'on of the endometrium, i.e., calculating as if the whole uterus were 
endometrium. Substituting lower values also for the weight fraction, the following 
results were obtained, expressed at once as millimoles per liter [CW in the endo- 
metrium: Estrogen: Na, 45.6; IK, 128; progresterone: Na, 24.1; K, 150. 

It may be concluded, then, that whatever the assumed proportional weight of 
the endcmetrium may be, the estrogen endometrium always contains more Na and 
less K than the progesterone endometrium. 

The ratio of intracellular K to Na is 2.8 or less for the estrogen, and 6.2 or more 
for the progesterone, endometrium. Using this ratio as a measure of the selective 
Ix accumulation of a tissue, it may be stated that the endometrium accumulates K 
more efficiently under progesterone than under estrogen domination. The re- 
verse is true for the myometrium. One is led to the conclusion, therefore, that, 
although the ovarian hormones have a definite influence on the ionic balance of the 
uterine tissues, they do not determine invariably the selective K accumulation of 
the tissue. This function seems to depend just as much on the qualities of the 
tissue as on the dominating ovarian hormone. 


* Present address: National Institute of Neurological Diseases and Blindness, Bethesda, 
Maryland. 

1 A. Csapo and G. W. Corner, Endocrinology, 5, 378, 1952. 

2 A. Csapo, Journal Lancet, (Minneapolis), 73, 250, 1953. 
S. Hajdu and A. Szent-Gyoérgyi, Amer. J. Physiol., 168, 159, 1952; tbid., p. 171. 
4S. R. M. Reynolds, Physiology of the Uterus (2d ed.; New York: Paul B. Hoeber, Inc., 1949): 
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TITE PARTICULATE ORGANIZATION OF THE CHROMOSOME 
By DANIEL Mazta 
DEPARTMENT OF ZOOLOGY, UNIVERSITY OF CALIFORNIA, BERKELEY 


Communicated by Curt Stern, March 22, 1954 


In the simplest view, the organization of the genetic system should find its counter- 
part in the organization of the chromosome. If there exist discrete, particulate 
gene loci, the chromosome should correspondingly contain discrete, bonded par- 
ticles which represent them.' If, as is implied in the classical view, genes are sep- 
arable from each other and “point” effects have a different mechanism from “‘re- 
arrangements,’ then there should exist chemical arrangements between the units 
that differ from those within them. In the opposing view of the chromosome as a 
genetic continuum in which discrete functional particles cannot be defined,’ there 
isno reason to anticipate that the chromosome is composed of discrete and separable 
particles, though this is not excluded. It could be a biochemical continuum in the 
sense that no class of bonds characterizes the boundaries between units that differs 
from the bonds existing within the units. The distinction is experimentally mean- 
ingful when it is possibie to define the conditions under which the chromosome can 
be broken down to smaller units and the units themselves can be examined. The 
most obvious way of determining how the chromosome is put together is to investi- 
gate the means of taking it apart. 

Evidence for a Protein Continuum.—In common experience, the chromosome is a 
rather stable structure when viewed as a sample of matter. It can be manipulated 
within the living cell? and can be isolated from it by various means.‘ There is no 
reason to suppose that its continuity and integrity depend on dynamic conditions 
in the living cell, even though it is obvious that these conditions affect its appear- 
ance, 

The possibility of dispersing the chromosome by means of chemical agents has 
been investigated rather extensively. Strong alkali*® and half-saturated urea 
in 0.5 N NaOH®? cause interesting changes, but the chromosome survives as an 
identifiable body. Very strong salt solutions remove a great deal of the DNA and 
protein, but a “residual chromosome,” retaining the essential structural character- 
istics of the original, remains.‘ 

Enzymes as tools for taking the chromosome apart have been exploited exten- 
sively since the earlier work of Caspersson’ and Mazia and Jaeger’ suggested that the 
continuity of the chromosome could be disrupted by means of proteolytic enzymes 
but not by enzymes that degrade and remove nucleic acids. The conditions of 
the rigorous use of this method have been defined by Kau‘mann and co-workers.! ! 
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The net result has been that only by the splitting of certain peptide bonds in the 
chromosome may the latter be broken down and dispersed. All proteolytic en- 
zymes are not equally effective. Trypsin disperses the chromosomes under appro- 
priate conditions,!! while pepsin acts in such a way as to remove part of the protein 
and leave behind a miniature but complete chromosome. 

The fact that it required the splitting of peptide bonds to disintegrate the chromo- 
some led reasonably to the conclusion that its backbone was a protein continuum. 
The stability of the backbone toward urea, strong alkalies, strong salt solution, 
and nucleolytie enzymes that might conceivably remove a nonprotein “cement” 
left no reasonable basis for defining units that were bonded to each other by link- 
ages other than those prevailing within a protein molecule. On the basis of these 
lines of evidence alone, it was with good reason that Goldschmidt!” developed the 
analogy between a chromosome and a giant protein molecule and applied it in 
criticism of the corpuscular gene. 

Evidence for a Particulate Chromosome.—It now appears that the splitting of 
peptide bonds is not the only means of taking the chromosome apart and that the 
appearance of stability is a consequence not of any form of covalent bonding 
but rather of the special conditions required to separate units that are held together 
by electrical factors alone. The basic evidence leading to this conclusion was avail- 
able in the biochemical literature for many years but was overlooked until attention 
was called to it by K. G. Stern.!* The evidence was simply that the nuclear de- 
soxyribonucleic acid in association with protein could be extracted in distilled water, 
but not in salt solutions at the concentrations ordinarily considered to be “‘physio- 
logical.”’ Stern and collaborators described some of the properties of the water- 
soluble desoxyribonucleoprotein macromolecules and gave them the name “‘geno- 
sins.” The term is perhaps unfortunate because it assumes what remains to be 
proved, but the possibility is opened up that the chromosomes may be dissolved 
merely by manipulation of the ionic conditions. 

A rather detailed biochemical study of the extraction of the chromosomal ma- 
terial of the sea urchin sperm has been made by M. Bernstein and the writer.” 
Under proper conditions, all the DNA of the nuclei can be extracted in close asso- 
ciation with most of the protein in the form of particles which, in preliminary eleec- 
tron-microscope studies, appear to be about 4,000 A long and 200 A wide. The 
particles contain DNA, basic protein, and other protein in approximately the same 
proportions as have been reported for whole chromosomes. The conditions of ex- 
traction are of some interest. The particles are soluble in water but cannot be ex- 
tracted by direct treatment of the sperm head with water. _ If this is done, the sperm 
heads swell as if the contents are tending to go into solution, but no free particles are 
recovered. If, however, the sperm heads are first treated with citrate and then 
placed in water, the particles go into solution in the water. In more recent experi- 
ments, ethylenediamine tetracetic acid (Versene) has been substituted for citrate, 
and it is concluded that treatment of the nuclei with an agent capable of chelating 
Ca or Mg modifies the system in some way that permits the desoxyribonucleo- 
protein particles to separate from each other and dissolve in water. Previous work- 
ers had used Mg- and Ca-chelating agents in conjunction with the extraction of the 
water-soluble desoxyribonucleoprotein particles, in order to inhibit the action of 
desoxyribonuclease.© It now seems that the action of these agents is not pri- 
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marily in the inhibition of the enzyme but rather is a factor inthe solubilization proc- 
ess itself. We have found, in the case of the sea urchin sperm heads, that the 
particles will not go into solution in a medium of ionic strength greater than that 
of about 0.06 1 NaCl and will dissociate if the ionic strength is greater than that 
of 0.56 M NaCl. Obviously, while the chromosome material may be dispersed by 
the rather gentle treatments described, the required combination of conditions is 
rather rigorous. It is not surprising that the earlier work yielded a picture of a 
very stable chromosome because, in view of the facts just cited, it would indeed be 
stable in electrolyte media ordinarily thought of as ‘‘physiological.”’ 

While these experiments on interphase and sperm nuclei provide the biochemical 
background, the inferences do not necessarily apply to the more condensed states of 
the chromosomes in mitosis and meiosis. Therefore, a cytological study, paralleling 
the biochemical work of Bernstein and the writer, has been undertaken, using salivary 
glands of Drosophila melanogaster and the mitotic and meiotic cells of the testis of 
the grasshopper Melanoplus femur rubrum femur rubrum. 

Two types of experiment were performed. In the first, the tissue was first frozen 
by solid CO. and subjected to the following extractions, in the cold: (1) extraction 
(6-10 hours) in distilled water, with frequent changes to assure removal of residual 
electrolyte; (2) extraction (6-10 hours) in 0.05 WM sodium citrate; and (3) extrac- 
tion in 0.05 M sodium citrate for 3 hours, followed by 3-7 hours extraction, with 
frequent changes of medium, in distilled water. The tissues were then fixed in 
Carnoy’s solution and stained by the Feulgen method. The grasshopper material 
was sectioned for observation. In the case of the salivary glands, samples were 
also squashed in 50 per cent acetic acid and observed under the phase-contrast 
microscope. 

The results of these experiments are simply summarized, since the behavior of 
the chromosomes was exactly as predicted from the biochemical studies. The 
chromosomes were soluble neither in distilled water alone nor in 0.05 M citrate 
alone (PI. I, Figs. 1 and 2) and, in fact, presented a remarkably normal appearance 
considering the long treatments. On the other hand, the chromosomes were com- 
pletely dissolved by distilled water after previous treatment with citrate (Fig. 3). 
The desoxyribonucleoprotein from the dispersed chromosomes that did not diffuse 
away completely during the extraction was found, by the Feulgen reaction, to be 
deposited in the cytoplasm, and especially on the nuclear membrane. Both the 
Feulgen staining and the phase-contrast observation revealed empty nuclei, but 
in, the former case the empty nuclei were outlined by lightly stained membranes. 

In the second series of experiments, in which salivary glands of Drosophila were 
used, an attempt was made to meet both conditions for the solubilization of the 
chromosomes simultaneously. It was thought that if a sufficiently effective chelat- 
ing agent (e.g., Versene) would function in the range of ionic strength at which the 
desoxyribonucleoprotein is soluble (below that of 0.06 1/:NaCl), then the chromo- 
somes might be dissolved in a single step. 

In these experiments, the glands were frozen with solid CO: and extracted in the 
cold for 6 hours at pH 7 in the following media: (1) distilled water, (2) 0.001 M 
Versene, (3) 0.01 M Versene, and (4) 0.1 VM Versene. Fixation for Feulgen staining 
and phase-contrast observation were exactly as in the previous series. 
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As expected, the fixed chromosomes appeared normal after the extraction with 
water. The appearance was equally normal after the treatment with 0.1 7 Ver- 
sene (Fig. 4); whatever the effect of the chelating agent, the chromosomes did not 
disperse at this ionic strength. On the other hand, the chromosomes. were com- 
pletely dispersed in 0.001 M Versene (Fig. 6), and that part of the extracted material 
which was not completely removed was precipitated by the fixative on the nuclear 
membrane and in the cytoplasm. The effects of 0.01 .4 Versene were intermediate 
and of some interest (Fig. 5). In many of the nuclei, the chromosomes apr eared to 
be partly dispersed and fragmented into shorter segments. It can be calculated 
that the ionic strength of the solution is on the borderline for the solubility of the 
desoxyribonucleoprotein particles, if the data on the sea urchin sperm may be used 
as a guide. 

Summarizing, chromosomes may be dispersed under the conditions predicted 
from the earlier work on the solubilization of desoxyribonucleoprotein particles in 
interphase and sperm nuclei.. There is therefore some basis for assuming that the 
salivary-gland chromosomes and the mitotic and meiotic chromosomes of the 
grasshopper are composed of comparable particles. 

Two conditions have to be met in order to disperse the chromosomes: (1) They 
must be treated with an agent capable of binding Ca, Mg, or both, and presumably 
removing them from the system. (2) They must be exposed to a medium of low 
ionic strength. Neither step alone is effective. The two conditions may be met 
simultaneously, or the chelating agent at higher ionic strength may be followed by 
extraction with water. 

On the basis of all the evidence presented, a tentative model of the organization 
of the chromosome at all stages may be proposed.'® It is composed of complex 
macromolecules having a DNA and protein composition comparable to that of the 
whole chromosome. ‘This does not imply that all the particles have identical com- 
position, which is certainly not the case, but does view them as macromolecular 
chromosome fragments. It is proposed, on the basis of the observations on solu- 
bilization, that only ionic factors are responsible for the assembly of these particles 
into a chromosome, and these factors are twofold. First, the particles are held to- 
gether by bridges of divalent cations. From what is known of the ash composition 
of the nucleus,” these would be Ca, Mg, or both. Seeond, the particles tend to 
aggregate to a medium of the ionic strength presumed to exist in the cell and to 

Figures represent squash preparations of salivary glands of. Drosophila melancgaster. After 
treatments indicated below, glands were fixed in Carnoy’s solution. They were then stained by 
the Feulgen procedure, using 12 minutes’ hydrolysis in 1 V HCl at 60°. After the usual washing 
in sulfurous acid, the glands were placed in 50 per cent acetie acid and squashed between slide 
and coverslip. All photographs are printed at same magnification (650). 

Fig. 1.—Chromosomes from gland treated for 10 hours with 0.06 7 sodium citrate. 

Fic. 2.—Chromosomes from gland treated for 10 hours with distilled water. 

Fig. 3.—Region of a gland treated for 3 hours with 0.06 7 sodium citrate, followed by 7 hours in 
distilled water. Chromosomes have been dispersed. Unextracted desoxyribonucleoprotein has 
been dispersed. Unextracted desoxyribonucleoprotein has been precipitated by fixative around 
nuclear membrane and in cytosome. Nucleus is swollen. 

Fig. 4.—Chromosomes irom gland treated for 6 hours with 0.1 / Versene (ethylenediamine 
tetracetic acid). 

Fic. 5.—Nucleus from gland treated for 6 hours with 0.01 17 Versene. The swelling and the 
Suggestion of chromosome fragmentation are typical. However, at this concentration the appear- 
ance ranges from relatively normal to a degree of dispersion comparable to that seen in Fig. 6. 

Fic. 6.—Region of a gland treated for 6 hours with 0.001 1 Versene. Chromosomes are com- 
pletely dispersed, and unextracted desoxyribonucleoprotein is precipitated by fixative in nucleus 
and evtosome. 
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repel each other and dissolve when the ionic strength reaches a sufficiently low level. 
The effect of the higher ionic strength is describable as a neutralization of swamping 
of the surface charges responsible for interparticle repulsion. 

An alternative mechanism, previously by Bernstein and Mazia,'' is that the 
chelating agent acts on some retaining membrane, permitting the particles to go 
into solution. If this is true, then there must be a chromosomal membrane com- 
parable to the nuclear membrane, for the conditions of dispersing condensed 
chromosomes are the same as the conditions for dispersing the contents of interphase 
nuclei. 

Whatever the actual mechanism of assembly, it clearly is possible to disassemble 
the chromosome by operations that are incapable of splitting 7néramolecular bonds 
in proteins or other known chromosome constituents. These operations, involving 
only ionic variables, would seem to define the component particles of the chromo- 
somes and the discontinuities between them. In cruder language, they characterize 
the element of “‘betweenness” in the consideration of the chromosome as an assem- 
bly of units. In further work at the cytological level, it will be difficult to discover 
whether the properties of the particles themselves are generally similar to those 
described for the biochemically favorable cases such as the sperm nuclei, but it will 
be relatively easy to determine whether the proposed mechanism of assembly of 
the particles is generally valid. 

It seems to the writer that the data of cytology can neither prove nor disprove 
propositions in genetics but can only provide theirincarnation. Thepresent proposal 
concerning the particulate organization of the chromosome does not prove the exist- 
ence of the corpuscular gene, but it does provide physical meaning for a distinction 
between intragenic and intergenic phenomena. Experimentally, it predicts that 
the phenomena that have been thought of as zntergentc—chromosome breakage and 
rearrangement, crossing-over, etc.—will be sensitive to the ionic environment of the 
chromosome, while intragenic phenomena (so-called “point” effects) will not. 
Obviously, if means of introducing this class of variables into genetic experiments 
can be found, it may be possible to decide whether the distinction between intra- 
genic and intergenic hereditary phenomena is meaningful. The sensitivity of the 
chromosome breakage process to variations of the divalent cations has already been 
shown by Steffenson,'’ who observes an abnormally large number of “spontaneous” 
chromosome breaks in plants grown under conditions of Mg and Ca deficiency. The 
picture of chromosome organization outlined above predicts that the effects of ion- 
izing radiations in producing chromosome breakage will be sensitive to the ionic 
environment of the chromosomes, and raises the question of the relation between 
the primary actions of the radiations and the ionic factors which, it is proposed, 
hold the chromosome together. 

Summary.—The question of factors responsible for the structural integrity of 
chromosomes is considered in this communication. The earlier work, employing 
enzymes as analytical agents, suggested a continuous protein structure, which could 
be dispersed only by the splitting of peptide bonds. It is now shown that chromo- 
somes may be dispersed without splitting peptide bonds if two conditions are met: 
(1) treatment with an agent capable of binding Ca or Mg ions and (2) provision of 
a medium of sufficiently low ionic strength. The observations reported, along 
with earlier evidence discussed in the text, are most compatible with an essentially 
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particulate organization of the chromosome. — It is proposed that the unit particles 
are macromolecular complexes of nucleic acid and proteins such as have been de- 
scribed by M. Bernstein and the author. These may be linked together by bridges 
of divalent ions (Ca, Mg, or both) as well as by the interactions making for ‘‘in- 
solubility” at moderate ionic strengths. The implications of this proposal for the 
relation between chromosomes and the genetic system, and for the problem of 
chromosome breakage, are considered briefly. 


* This investigation was aided by grants from the American Cancer Society, recommended by 
the Committee on Growth, National Research Council, and by the Office of Naval Research, 
through Contract N-onr-222(24). The valuable counsel of Dr. Eleanor Slifer, of the University 
of Iowa (on the handling of grasshopper material), and of Dr. Irving Klotz, of Northwestern Uni- 
versity (on the interpretation of solubility experiments), is grateful vy acknowledged. 
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ELECTRON-MICROSCOPIC STUDY OF THE TEXTURE OF THE 
BASEMENT MEMBRANE OF LARVAL AMPHIBIAN SKIN*+ 


By Paut Weiss AND WayYNE FERRIS 
DEPARTMENT OF ZOOLOGY, UNIVERSITY OF CHICAGO 
Communicated April 12, 1954 


The search in this laboratory for simple and well-defined structures for analyt- 
ical studies on morphogenesis on a submicroscopic scale has revealed a remarkably 
regular architectural pattern in the basement membrane of larval amphibians. As 
the origin, local variations, and role of this fine structure in embryonic development, 
wound healing, regeneration, and metamorphosis are being made the subject of a 
systematic study, we wish to report here its basic features. In careful observations 
with phase-contrast microscopy of stripped and partly digested ‘‘basement lamel- 
lae’’ (“‘b.1.’’) of larvae of various amphibian species, Rosin! ? noted an ‘orthogonal 
structure’? which, however, defied finer resolution. Several years ago, working 
with the low-power RCA-EMT electron microscope, the senior author (P. W.) and 
D. McCulloch found this structure to be due to orthogonally crossing fiber systems. 
More recently we have followed up these observations with the higher-power in- 
strument (model EMU), as related in the following. 


MATERIAL AND METHODS 


Objects: embryos and larvae of various ages of urodeles (Amblystoma punctatum 
and opacum) and anurans (Rana pipiens; some Xenopus laevis). Skin region stud- 
ied: mostly tail fin; some head samples. Fixation: immersion in_ veronal-buf- 
fered (pH 7.4) osmic acid. Imbedding medium: mixture of methyl- and iso- 
butyl-methacrylate polymerized by UV radiation. Sectioning: ultra-thin at 
various thicknesses of ca. 0.1 4, with glass knives. Aftertreatment: dry sections 
transferred directly to Formvar film on nickel screen of specimen holder, (A) with- 
out removal of imbedding medium and (B) imbedding medium dissolved by toluene 
With or without subsequent shadowing with chromium. 

Original magnifications were determined by calibrating our instrument by two 
different methods: (a) standard-size polystyrene granules and (b) diffraction grat- 
ing. The two series of values were in satisfactory agreement. Final magnifica- 
tions after optical enlargement are given in the illustrations. 


MORPHOLOGY OF LARVAL SKIN 

The epidermis is a simple, unstratified sheet, mostly three cells thick. The cover 
cel's are flattened with a cuticular border showing fine finger-like protrusions and, 
in early stages, cilia; the middle cells are cuboid to spherical, and those with secre- 
tory function attain very large size (Leydig cells); the basal cells vary in shape in 
accordance with deformation suffered by the expanding gland cells. Outer and 
inner surfaces of the epidermis are parallel and essentially smooth. 

Directly applied to the underside of this sheet is the basement membrane. In 
larvae it is a cell-free, sharply outlined membrane, up to ca. 4 uw thick in older stages 
and, to judge from its affinity for aniline blue (e.g., in Mallory’s triple azan stain), 
composed of a collagen-like material. During metamorphosis, it is invaded by 
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mesenchyme cells, and its inner surface frays out to grade into the dermal connec- 
tive tissue. 

A brief description of the electron-microscopic appearance of the basal epidermal! 
cells is given elsewhere.’ In sharp contrast to the mesenchyme cell, the cytoplasm 
of the epidermal cell contains large compact masses of filamentous material, giving 
it a hairy appearance in preparations not mutilated by toluene (see Figs. 3, 4, and 
8). Closer study reveals that the dark hair lines run in parallel pairs, about 200 A 
apart, hence are presumably osmium-accentuated outlines of less electron-dense 
fibers or canals of that width. This interpretation is supported by shadowed 
preparations from which the plastic medium had been removed and which show a 
dense tangle of threads of the same size (Fig. 5). No longitudinal period has been 
noted in such fibers in uncorrupted sections, although after toluene treatment they 
appear as beaded strings. 

Near the basal side of the cell, these filaments tend to be oriented perpendicularly 
to the surface. They converge upon peculiar ‘‘bobbin’’-shaped bodies which dot 
the cell cortex in a single laver in rather regular distribution. These bobbins 
(about 1200 A high), somewhat blurred in anurans, show sharper detail in urodeles, 
where they consist of two electron-dense plates connected by a more transparent 
middle piece. In all forms, they are observed exclusively on that border of the epi- 


dermal cell that is in immediate contact with the basement lamella; they appear to 
be attached to the inner surface of A distinct double-contoured cell membrane (ca. 
600 A thiek), which contains a layer of small granules and is likewise present only 


along the basement lamella (see Figs. 2 and 6 in Weiss and Ferris’). 
MORPHOLOGY OF THE BASEMENT LAMELLA 


The larval basement lamella itself consists of ground substance, electron-micro- 
scopically homogeneous, in which a characteristic system of fibers isimbedded. Our 
further discussion will be confined to these fibers. They are arranged in regular 
layers of alternating orientation. These layers will be designated as ‘‘plies.”’ 

Tangential sections reveal the fibers as forming an orthogonal system, i.e., the 
angle of intersection is approximately 90° (Fig. 1). How precisely and how uni- 
versally this angle is realized is uncertain because of the unequal distortion of the 
tissue during fixation and imbedding. When sectioned on a bias, it can be seen 
that within each single ply the fibers run parallel to each other, with the direction 
changing abruptly from one ply to the next (Fig. 2). Cross-sections at a favorable 
angle, that is, parallel to one of the fiber systems, show this relation most clearly, 
and our further conclusions are chiefly based on such preparations. The architec- 
ture being essentially the same in hatched larvae of both the anurans and the uro- 
deles sampled thus far, the two will be dealt with here jointly. 

From the youngest stages in which definite layering was discernible up into meta- 
morphosis, the number of plies is constant. In most cases, we have counted 20 
plies. A variation of, at the most, 2 plies in some places can probably be ascribed 
to lack of distinctiveness, blurred outlines, tissue folds, etc., but, pending more 
extensive counts, the number of plies had better be set at 20 + 2. Direction of 
fibers changes sharply from ply to ply, with alternate plies running strictly parallel. 

Since toluene treatment followed by shadowing seems to remove the ground sub- 
stance and thus causes serious distortion and clumping of the fiber fabric (Fig. 3) 
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Figs. 1-2.—-Fig. 1: Tangential section of basement lamella of Rana pipiens (Taylor-Kollros 
stage IV). 25,000. Note orthogonal fabric. 

Fig. 2: Oblique section through basement lamella of Rana pipiens (Taylor-Kollros stage 
IV). 25,000. Note cross-banding of fibers. 
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the following description of the finer details is based chiefly on sections from which 
the imbedding medium had not been removed (Figs. 4 and 5). The preservation of 
normal spatial relations in such preparations makes up by far for the reduction of 
optical contrast. 

In cross-sections (Figs. 4 and 5), the individual fibers appear as regular cylinders 
with a rather uniform diameter of ca. 500 A. They are stacked, cordwood-fashion, 
about five fibers in depth per ply (see below). In side view, the fibers show the 
periodic cross-banding characteristic of collagen. The average length of the period 
in our specimens had a value of between 500 and 550 A, with the mode toward the 
upper end. Even though a more accurate determination will have to wait for more 
extensive sampling of thinner sections, it is already clear that the period is defi- 
nitely shorter than that commonly observed in collagen fibers isolated from the body 


Fig. 3.—Oblique section of basal skin surface of Rana pipiens (Taylor-Kollros III). Toluene- 
treated; chromium-shadowed. X36,300. Note filaments in epidermal cytoplasm (upper half of 
pieture ). 


or reconstituted in vitro, which have a mode about 640 A,‘ and is nearer that given 
for collagen in vivo.® The fact that even shorter periods (between 450 and 500 A), 
have been measured in some of our sections is clearly attributable to the slanting 
of the fibers relative to the plane of sectioning in those particular preparations, re- 
sulting in optical foreshortening of the fiber axes. 

The cross-bands of all fibers of a given ply are in register (Fig. 5), thus adding up 
to an over-all cross-striation of the bundles, as in muscle. It is noteworthy that the 
lateral spacing of the individual fibers corresponds rather closely to the longitudinal 
periodicity. If confirmed by more exact measurements, this would amount to a 
high statistical coincidence between the cross-striation of one ply and the fiber axes 
of the adjoining plies and might furnish a clue to the orthogonality of the resulting 


fabric (see below). 





5.—Fig. 4: Transverse section across basal part of epidermis of Amblystoma opacum 
larva of 35-mm. length, showing, from left to right, epidermal cell nucleus (n); hairy texture of 
cytoplasm (¢); “bobbins” (b); and fourteen plies of basement lamella, x 16,650. 
Fig. 5: Transverse section of basement lamella of Amblystoma opacum larva (35 mm.), show- 
ing, from left to right, hairy cytoplasm of epidermal cell (¢); bobbins (6); cell membrane (m); and 
15 plies. 34,600. Note cross-banding of collagen fibers and transverse fiber bundle. 
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As far as such matters can be decided from sections, the individual fibers are 
seemingly endless and unbranched. They are rather loosely packed, and only in 
occasional spots is there a semblance of the hexagonal arrangement that results 
when cylinders are stacked in a minimum of space. Sample measurements in 
35-mm. Amblystoma larvae show that the fiber cross-sections assume only between 
35 and 60 per cent of the area of a ply, leaving for the interfibrillar ground sub- 
stance between 65 and 40 per cent of the total mass, whereas in the case of closest 
possible packing (hexagonally), the interstices (7) would amount to only about 
10 per cent (¢ = 1 — w/2+/3). The variations in the density of the packing may 
be due to different degrees of local compression in the living animal or to secondary 
dislocations during fixation. 

Some of our preparations give the impression that the average diameter of the 
individual fibers increases gradually as one proceeds from the top (juxta-epidermal) 
to the bottom ply (Figs. 4 and 5). In the same preparations the thickness of the 
plies (measured from border to border of every second ply) likewise seems to in- 
crease progressively in the same sense. Measurements in three samples showed 
this increase to follow a linear function. However, in other specimens, the fibers 
showed no size gradient, and the plies were equidistant. Because of this inconsis- 
tency, the reality of the size gradation in the former cases must be viewed with great 
reserve, especially since technical reasons tor the appearance of such differentials 
are easy to visualize. For instance, the fixative, which penetrates gradually from 
the epidermal surface toward the interior, might cause differential compression 
and water shifts between surface and depth that could simulate an original gra- 
dient of thickness. Also, if a section passes through a local curve or fold in the 
basement lamella, it would hit the various plies at different angles, thus giving rise 
to a progressive increase in their apparent distances in the pictures. At any rate, 
there is at present no conclusive evidence that the plies differ among one another 
significantly as to size and fiber complement. 

In addition to the two main planar fiber systems, there appear at intervals small 
fiber bundles in the third dimension crossing the plies and spanning the thickness of 
the basal lamella. One such bundle is illustrated in Figure 5. As one can see, it 
consists of the same type of collagen fibers as make up the plies, and, in fact, there 
seems to be some interchange of fibers between these vertical columns and the 
horizontal plies (note the sharp turn marked by the long arrow). Usually, the 
transverse bundles run nearly perpendicularly to the planes of the plies; the acute 
angle shown in the illustration therefore might well be a right angle distorted by 
lateral shear during fixation. In the vicinity of these perforating bundles, one 
also finds instances of fibers changing from one horizontal ply into another (note 
short arrow), either an adjacent one with change of orientation, or the next following 
one with maintenance of orientation. At their emergence in the top layer, the 
vertical fiber tufts fray out, producing a local dimple in the surface, but this may 
again be an artifact due to slight contraction of the transverse fiber column during 
fixation. Sometimes the proximal ends of these bundles can be seen to extend be- 
yond the inner boundary of the basement lamella, but we have not been able to trace 
their proximal insertions. No structures that could have been definitely identified 
as nerve fibers have as yet been seen to traverse the basement lamella. 
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DEVELOPMENT OF THE BASEMENT LAMELLA 

Evidently this strikingly regular extracellular fiber pattern invites thorough de- 
velopmental analysis. Our efforts in that direction, however, are still in their 
beginnings, and only a few provisional comments can be made at this time. 

In prelarval and early larval stages, the consistency of the subepidermal tissue 
is so fluid that we have not yet succeeded in obtaining satisfactory sections with well- 
preserved architecture. There is definite evidence that by Shumway stage 22 the 
basement lamella has been laid down, and the layer adhering to the underside of the 
epidermal cell contains fibers that intersect at near-right angles, indicating the 
characteristic orthogonal pattern of the final product (Fig. 6). There is ample 
fibrous material beneath this layer, but it is shattered, and the loose scraps do not 
reveal their original arrangement, except for the fact that their frequent parallel 
assemblage into bundles signifies that some degree of structural order must have 
existed. Definite lamination can first be demonstrated in the head region (after 
Shumway stage 25) but may actually date back into much earlier stages. Since 
this seems to be mainly a matter of inadequate technique, we are continuing our 
efforts toward improvement in the hope of discovering the earliest stages of mem- 
brane formation. 

It is noteworthy that during these formative stages most epidermal nuclei lie 
flat and closely applied to the basal cell surface, right where the lamella arises 
(Fig. 7). A distance of usually no more than 0.3 u separates the nuclear membrane 
and the cell surface. There is no evidence of ‘“‘bobbins’’ until much older stages. 
A row of more heavily electron-absorbing granules, which in favorable preparations 
can be seen aligned along the basal border of the epidermal cell, may represent pre- 
cursors of the inner granules of the later cell membrane (see Fig. 7). The young 
basement lamella adheres tightly to this basal surface along its full extent, in marked 
contrast to the lack of firm connections with the cells of the underlying mesenchyme. 
These relations are quite significant as clues to the mode of formation of the base- 
ment membrane and will be further discussed below. 


GROWTH AND METAMORPHOSIS 
Our data on changes in the basement lamella during larval stages are still too 
scanty to warrant any conclusions at this time. The constancy in the number of 
plies at all stages with distinct lamination proves that if the individual layers are 
deposited in succession, this must be a relatively rapid process that comes to a con- 
clusion in the early part of the larval period. Whether there is further growth of 
the membrane, and, if so, whether there is an increase in size or number of the fibers 
or an accretion of ground substance, is still under investigation. 





Figs. 6-8.—Fig. 6: Section through basal surface of epidermal cell of Rana pipiens larva (Shun- 
way stage 22), showing beginning of oriented fiber fabric (upper part of picture) and loose fiber 
fragments in subepithelial space. Toluene-treated; chromium-shadowed. 23,450. 

Fig. 7: Section through tail tip of Rana pipiens (Shumway stage 25), showing, from left to 
right, epidermal cell with mitochondria (mz); nucleus (n), including nucleolus; cell membrane 
(m) with granules; early basement lamella (6./.) (poorly defined); and mesenchyme cell (me). 
X 22,900. 

Fig. 8: Cross-section through base of head skin of metamorphosing Rana pipiens (Taylor- 
Kollros stage XI), showing parts of the nuclei of three mesenchyme cells penetrating between the 
plies of the basement lamella. Epidermal cell with hairy cytoplasm in left upper corner. _X 11,000 
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Marked changes, however, occur with the onset of metamorphosis. Mesen- 
chyme cells invade the interior of the lamella by moving in between the plies (Fig, 
8), perhaps aided by some lytic secretion (hyaluronidase?). The fact that they 
usually follow the cleavage planes between layers indicates that the individual plies 
are rather firm plates cemented together more loosely. The invading cells have the 
morphology of fibrocytes. Their scanty cytoplasm is demonstrable only in front 
and in back of the elongate nucleus. Along its lateral circumference, the nucleus 
seems to be in direct contact with the inside of the cell surface, all cytoplasm ap- 
parently being squeezed out from this zone as the advancing cell wedges itself be- 
tween the parting layers. Further metamorphic events are still under study and 
will be reported on a later occasion. 

DISCUSSION 

There is at present no satisfactory explanation for the origin of this highly regular 
structure. By their morphological characteristics, the component fibers doubtless 
belong to the collagen class. The properties of the elemental units of collagen have 
been fairly well explored.?- Under suitable conditions, they have been found to 
assemble, even in vitro, longitudinally into filaments and laterally into bundles 
with cross-bands in register. However, besides this ground rule of aggregation, no 
evidence of over-all regularity in the sense of patterned fabric such as that of the 
basement lamella has ever been obtained outside the body. It therefore seems 
that we have here a singularly suitable object for the study of those organizational 
factors residing in the body that impose a higher degree of order upon tissue com- 
ponents than that attainable by self-organization. Since there are now many 
ways open to approach this problem by a combination of the techniques of experi- 
mental morphology and electron microscopy and since we are actively pursuing 
this experimental course, any final interpretations would seem premature. There- 
fore, we shall merely state the problem here, as it emerges from the observations 
reported above, leaving its solution for future work. 

Origin of Collagenous Material.—Our observations leave us completely noncom- 
mittal as to the origin of the molecular species “collagen’’: whether it is synthesized 
to final completion inside a cell or whether it is compounded in the extracellular 
space from precursor units; whether, if of wholly intracellular origin, polymeriza- 
tion and the regular assembly of micellar building blocks into larger fibrils likewise 
occur inside the cell or are essentially extracellular processes; whether the cell fur- 
nishing the constituent compounds, precursors, or larger assemblies, as the case 
may be, is the mesenchyme cell or the epidermal cell or whether both contribute 
and, if so, whether their contributions are equivalent or complementary. The 
origin of the hyaline ground substance of the lamella also remains open. In no 
single case have we seen intergradations between any intracellular units or struc- 
tures of either the mesenchyme or the epidermal cell, on the one hand, and the fibers 
of the basement lamella, on the other, unless one wanted to assume some such rela- 
tion for the granules of the epithelial cell membrane. Especially is there no con- 
tinuity between these fibers and the intracellular filaments of the epidermal cyto- 
plasm. 

At the same time, it is clear that the epidermal cell plays a fundamental role in 
the formation of the basement lamella. This is evidenced by (1) the continuity 
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of the outer layer of the basement lamella and the basal surface of the epidermis 
from the earliest stages, which contrasts with the lack of any definite structural 
relation between basement lamella and underlying mesenchyme cells; (2) the fact 
that the basement lamella is coextensive with the epidermis and adheres to it 
firmly, in contrast to its detachment from mesenchyme; and (3) the presence of the 
nucleus of the epidermal cell close to the surface near which the basement lamella 
forms. However, these facts need not imply that the epidermis makes a substan- 
tial contribution to the basement lamella. They may merely reveal influences 
exerted by the epidermal underside upon the assembly, organization, and orienta- 
tion of material of foreign origin. 

Organization of the Fabric of the Basement Lamella.—In view of its “‘plywood”’ 
structure, the basement lamella must obviously be assumed to be deposited in 
successive layers. The inner epidermal surface seems to be the only plane that 
could provide this process with a stable substratum from which to start. This 
would define the plane of fiber deposition but not the direction of the fibers within 
the plane. Moreover, fiber direction cannot be a function of the individual epi- 
dermal cell, because the fabric of the basement lamella retains the same orientation 


beyond cell boundaries, whereas the cell content is subject to constant reshuffling 


during growth, division, and cell movements. We have been able to trace this 
continuity of direction over distances of several cell diameters, but we have not 
yet referred it to the body axes. However, Rosin’s? observations of the micro- 
scopic structure of the basement lamella indicate that the fiber systems follow a 
regular grid pattern related to the configuration of the total body surface. 

This being the case, certain supracellular factors will have to be searched for that 
can impose a definite body-related orientation upon the fibers during the phase of 
deposition. One factor that comes to mind in this connection is mechanical stress. 
The orienting effect of tension on connective tissue and other fibrous materials® 
has been experimentally confirmed.’ and the wide applicability of this principle is 
beyond question (see Weiss*). It might be tempting, therefore, to view the pat- 
tern of the basement lamella as one of stress trajectories arising from the expansion 
of the integument of the growing larva. In corroboration, one could point to the 
presence on a macroscopic scale of a similar orthogonal fiber system in the fluke of the 
whale, where it has been convincingly identified with the prevailing stress pattern.® 
Yet, while one could conceive. of orthogonal intersections in the same plane as being 
due to tension and pressure lines, respectively, it is difficult to see how such a 
mechanism could account for the regular alternation of sharply delimited fiber layers 
with radically differing orientations. On the microscopic level, this pattern finds a 
counterpart, for instance, in the histological structure of arterial walls and of the 
fasciae of skeletal muscles. These being subject to alternating contractions and 
relaxations, hence an alternation of circular and longitudinal stresses perpendicular 
to each other, one might assume that each stress system has molded a corresponding 
tissue layer. Recently a similar orthogonal fiber system has been discovered on the 
ultramicroscopic scale in the chitinous cuticle of the earthworm; contrary to the 
basement lamella, each of these layers contains only a single row of fibers. Here, 
too, one might conceivably invoke the alternating contractions and extensions of 
the worm as the patterning forces. However, aside from the difficulties such a 
concept meets in practical application, it certainly does not seem suited to the 
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explanation of alternating layers in a steadily and uniformly expanding body such 
as the growing tadpole, unless, of course, one takes recourse to the swimming move- 
ments. 

All these considerations make the stress hypothesis as applied to the basement 
lamella appear rather tenuous. It is more likely that the stacking up of layers of 
different orientation is a fundamental ultramicroscopic building principle based on 
combining properties of the constituent elements plus some over-all equilibrium 
conditions when they appear in groups. An indication of the operation of this 
principle may be gleaned from the fact that, even in vitro, fibers with an inner 
periodicity (collagen, fibrin, myofibrils) aggregate in such a manner that homol- 
ogous segments become aligned with each other. 

Fiber Stacking.—The forces by which adjoining fibrils are brought into register 
have not yet been satisfactorily explained. We have seen above that they do 
operate in aligning the fibers in the basement lamella. But we have also noted 
that the fibers are not closely packed and are not in contact with one another over 
most of their length. On the basis of an average occupancy of 50 per cent of the 
space of a ply (see p. 533), the average distance, surface to surface, between fibers 
can be calculated to about 400 A. Barring long-range forces, this would rule out 
self-alignment and suggest perhaps an underlying lattice system in the ground sub- 
stance. Even if we concede that in earlier stages the fibers may have been tightly 
packed, hence enabled to align themselves, there would still be the question of how 
they could have stayed so perfectly aligned long after they had become separated 
by wide interstices. 

There is one consideration that could save the plausible assumption of self-align- 
ment. If fibers make, at least statistically speaking, sufficiently frequent surface 
contacts with each other and assume rigorous alignment at those points, then, be- 
cause of the constant length of their segmental units and the parallelism of their 
axes, they would remain in register for some distance even without contiguity. 
The contact points would play a role similar to that of the “‘Haftpunkte”’ or adhesion 
points of Frey-Wyssling! in the binding of micellar units into a colloidal network. 
The mode in which the number of fibers, or their density, depending on which is pri- 
mary, is determined in a given ply is obscure; what fixes the thickness of a ply is 
equally unknown. Most enigmatic, however, is the sudden change of direction 
by 90° at the transition from one ply to the next. , 

One might assume that, when a layer has attained a certain thickness and den- 
sity of its fiber complement, a condition of equilibrium or “‘saturation”’ is established 
which would prevent additional fibers with a common directional component from 
being added. The only still permissible direction might be that of greatest devia- 
tion, i.e., perpendicular to the former. If in its inception each ply contained a 
single row of fibers only, the original pattern would be not unlike that of the an- 
nelid cuticle described by Reed and Rudall." The stacking of fibers in height in 
each ply would then have to be a secondary development. Be this as it may, 
unless fiber orientation is somehow determined by the ground substance, the con- 
clusion would seem inescapable that the last fiber layer of one ply imposes the ree- 
tangular orientation upon the first layer of the adjacent one. As for the manner of 
this action, the following possibility deserves consideration. We have noted above 
(p. 531) that the average longitudinal period and the average width of a fiber are 
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approximately the same. Laid crosswise, the longitudinal series of segments of a 
given fiber would thus coincide with the row of laterally aligned segments of the 
underlying layer and hence might become linked to them, crosstie fashion, by forces 
similar to the ones producing parallel linkage—the changed orientation, as surmised 
before, expressing the only degree of freedom compatible with the “saturated’’ 
state of the earlier ply. In this interpretation, the cross-bands of one system would 
become the guide lines for the axial orientation of the next. If correct, this concept 
would lead to some sort of ‘‘macrocrystallography”’ of living structure, such as has 
been postulated by earlier authors.'? As in crystallization, the orientation of the 
first layer—the ground plan, as it were—could very well be determined by mechani- 
cal tensions; but the subsequent stacking pattern would be ruled by properties 
inherent in the reacting material. 

losin? has called attention to an observation which might appear to contradict 
this concept. He noted occasionally that there are “exceptional points’’ in the base- 
ment lamella where the orthogonal appearance of the total mount is disrupted 
for instance, points from which fibers radiate at first in three directions rather than 
four, although a short distance farther they fall in line with the orthogonal grid. 
Since these exceptions are more common in older and thicker membranes, they are 
presumably secondary acquisitions, perhaps resulting from partially perforating 
injuries. Their geometry is readily explained by our observations. As mentioned 
in the text, fibers from one ply can turn into a neighboring ply, thereby changing 
direction. We have noted this occurrence in the faults created by perforating 
transverse fiber bundles. The same is apt to happen in the healing of a small lesion 
in the basement lamella. On a large enough scale, this would, in surface view, give 
rise to the aspect depicted by Rosin. Thus this phenomenon is not incompatible 
with our hypothesis of orthogonality. 

Number of Plies—However, even assuming that the factors limiting the size and 
fiber content of a single ply and those determining the change of direction from ply 
to ply were properly accounted for, this would still leave the problem of the con- 
stancy of the total number of plies wide open. In both anuran and urodele forms 
thus far studied, we have found deviations of no more than two plies at most from 
the standard number of twenty. We have at present no reasonable conjecture as 
to how this numerical control is exerted and look to further research to produce the 
missing clues. 


SUMMARY 

The basement lamella of amphibian larvae shows a remarkable degree of archi- 
tectural order, the description of which forms the substance of this article. It is a 
20-ply structure (+2), each ply consisting about half of ground substance and half 
of discrete parallel collagen fibers of ca. 500 A diameter and 500-550 A periodicity, 
about 5 fibers high to each ply. Fiber orientation changes sharply by 90° at the 
transition from one ply to the next, so that, in surface view, the basement lamella 
offers the aspect of an orthogonal grid. The pattern is essentially the same in 
the larvae of both anurans and urodeles. The micromorphology of the basal cells 
of the epidermis and their specializations at the surface of contact with the base- 
ment lamella are described, and some brief consideration is given to the develop- 
mental problems raised by this striking instance of tissue architecture. 
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